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lb LONG-RANGE TROPOSPHERIC PROPAGATION 


OF ULTRASHORT WAVES (SURVEY) 


N.A. Armand, B.A. Vvedenskiy, A.I. Kalinin, M.A. Kolosov, 
A.V. Sokolov, A.V. Shabelnikov, R.A. Shirey 


An analysis of experimental and theoretical work on long-range tropospheric propagation 
of ultrashort waves is given. 

The field intensity is examined as a function of distance, wavelength and time. The gain 
losses of antennas, the distortion of the signal, and the band of transmitted frequencies are 
all analyzed. 

Various theories describing the mechanism of long-range tropospheric propagation of 
radio waves are considered. On the basis of the comparison with experimental data, it is 
shown that not one of the existing theories can completely explain all the available experi- 
mental results. 


I, REVIEW OF EXPERIMENTAL WORK* 
INTRODUCTION 


The large number of fundamental experimental studies of long-range tropospheric propa- 
gation of ultrashort waves conducted in different countries has added considerably to the ex- 
tent in depth of our knowledge of the characteristic features of this phenomenon. 

From the considerable amount of experimental material, it has been concluded that the 
region of ultrashort waves can be used for high-quality transmission and various types of in- 
formation (telephone conversations, broadcasting, and isolated experiments on television 
transmission) , on radio relay systems with the intermediate stations at a distance of 600 km 
from one another. This distance is by no means a limit in tropospheric lengths. Work on the 
practical application of long-range tropospheric propagation is being conducted in many 
countries. 

Article [1] describes the results of an experiment on the reception and transmission of 
signals through long-range propagation over distances greater than 1300 km. In the experi- 
ment, transmitters with a wavelength of 75 cm and a power of 50 kw, sensitive narrowband 
receivers, and parabolic antennas 18 m in diameter were used. According to the data of [23], 
very weak signals were detected at a distance of 1600 km on a wavelength of 1.4 m. 

These successful achievements were made possible as a result of the improvement of the 
transmitting-receiving apparatus and antennas, the use of auxiliary instruments greatly facil- 
itating the analysis of experimental data, and a statistical approach to the analysis and study 
of the experimental data. The development of communications, broadcasting and television 
requires further studies on the dependence of the field on the distance D, the antenna charac- 
teristics, the path parameters, the meteorological conditions, and the distinguishing climatic 


*This article consists chiefly of a paper submitted to the Soviet National Committee of 


the International Scientific Union in May, 1960. The paper was presented at the Twelfth 
General Assembly of the International Scientific Union held in September, 1960 in London. 
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features. This is also important in establishing the true physical nature of the phenomenon 
and in clearly evaluating the role of the mechanisms of scattering, reflection, and diffrac- 
tion. Considerable attention should be devoted to a question of practical importance — the 
investigation of the bandwidth of the transmitted frequencies at various distances and the study 
of the possible distortions of the information, the phase stability, etc. 

Since these questions are completely covered in many works, [1-13], [87, 32, 43], we 
believe that we may concentrate our attention on the difficult problem of comparing and analyz- 
ing the existing measurement data, which has not been fully systematized and is, in part, con 
tradictory. The interpretation given this material is sometimes biased, a circumstance which 
is aggravated by our lack of knowledge concerning the structure of the troposphere. 


1. DEPENDENCE OF THE FIELD ON DISTANCE 


The received power Py generally comes from the radiation of the electromagnetic energy — 
by different tropospheric inhomogeneities. Because of changes in the tropospheric inhomoge- — 
neities, this power is a random function of time. Therefore the function P;(D) can be deter- 
mined more or less definitely only as an average over fairly long periods of time. 

A comparison of functions P,;(D) obtained under different climatic conditions, or, in dif- 
ferent seasons, is difficult, especially because of differences in duct parameters, their sur- 
face, antenna heights, local terrain, and the total duration of the measurements. 

Because of the many factors affecting long-range propagation, the opinion was even ex- 
pressed, [57] that it was impossible to accurately predict the attenuation in specific ducts 
without conducting fairly prolonged measurements in these ducts. 

In attempting to obtain some general picture of the phenomenon in the range A = 3 to 300 
cm, we analyzed prolonged measurements of the quantity P;/P» (Po is the value of the power 
in free space) made over the past four to five years. For the greater part, these measure- 
ments were conducted over fixed distances near to the earth's surface, and to a smaller ex- 
tent, on apparatus set up on airplanes, ships and trucks. 

In [15, 16, 17, 21, 23], as in the results of Megow, [53], local maxima of P,-/Po were 
found. In isolated instances, these local maxima were clearly the result of interference. 
These results can be regarded as proof that radio waves are reflected from layers in the 
atmosphere. 

In a number of measurements of Py(D), different propagation theories were verified ex- 
perimentally, [15, 14] and data for different climatic conditions were compared. It was 
found, (for instance in [16]) that when the computed value of the scattered power coincided 
with the experimental value 4 = 9 cm, the average level of Py/P) at) = 3 cm was 15 db lower 
than the computed value. Moreover, in comparing the values of P; obtained in England at 
frequencies of 3,480 and 858 Mc [19, 33] with 
the forecasting curve constructed by Norton 
and others, [31], which is characteristic of 
conditions in the USA and is based on exten- 
sive experimental material, it was found that 
the Py given by this curve were in close 
agreement only for 3480 Mc and that they 
were too low for 858 Mc. The effect of cli- 
matic conditions cannot be ignored here. Other 
indications of this such as those in [13], make 
it possible to assert that the results obtained 
in England do not hold unconditionally for other 
climatic regions. This factor was not taken 
carefully into account in the nomograms [35], 
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To determine the influence of the wavelength and the climatic conditions and the function 
P,(D), we carefully sorted the results of [1, 5, 10, 16, 17, 21, 23, 24, 25, 26, 28, 29, 33, 
32, 118] in terms of ) and analyzed them (Figure 2). Despite the considerable spread of the 
points — the results of both random errors in the measurements, and the difference in the 
duration and season (or day) of the measurement — it can be seen that, for instance, the 
values for England (marine climate) are somewhat higher than the values for the USA. 


2. DEPENDENCE OF THE SIGNAL LEVEL ON FREQUENCY 


The dependence of the signal level on frequency has not been studied sufficiently. The 
different theories give a very different picture (from Py~ ,!/ to Py ~ 2, and from a con- 
stant linear attenuation a to a~)~!/4), The majority of experimental studies show a de- 
crease of P,./P with increasing frequency F (Figure 2), with the P,/Py being 20 db lower 
for } = 3.2 cm than for ) = 10cm. 
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Figure 2. Dependence of the field on distance according to data 
of different experiment studies. 
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However, so far the experimental studies have shown no similarity in the function P,()). 
Thus, according to [40], the relative attenuation with increasing frequency is 14 db for D= 
300 km, and f = 100 and 4000 Mc; according to [57], the relative attenuation is 9 db for D = 
100 - 400 km, and f = 500 and 5000 Mc; and according to [56], the relative attenuation is 20 
db for D = 175 km, and f = 100 and 1300 Mc. Study [5, 38] also indicate that there are dif- 
ferences in the functions Py (A) when the average is taken over different time intervals for 
different times of the day and different distances. 

It is natural to see in this the effect of the changeability of the structural conditions of the 
troposphere and of the meteorological conditions. Therefore, the use of the statistical ap- 
proach to evaluate the function Py()) in work [38] should be regarded as an achievement. 


Here the function was determined under winter conditions in a duct 96 km long with simultan- 
eous measurements of 417 and 2290 Mc. It was possible to show that the ratio of the mean 
hourly values of the signals at the two frequencies was distributed about a standard logarithmic 
curve and that during the entire period of observation the nature of the variation of the ratio 
as a function of ) changed within the limits of »~* and)”. For 50% of the time this ratio was 
proportional to. As known, the linear attenuation a of the average value of Pr(D) beyond the 
horizon is considerably smaller than within the region of ‘‘classical’’ diffraction. However, 
there are relatively few quantitative data on direct measurement of a. There is practically no 
data on the function a (D), and its relation to the season and time of day, with the exception of 
[1, 21, 25], where the data on the function a (D) are contradictory. Likewise the results of a 
number of works, (1, ily A Pl, Db. 58] permit the representation of Py(D) in the form of an 
exponential function indicating that a is independent of D (the curve log Py vs. D is a straight 
line). With regard to the constancy of a(D), see also [57]. 

Figure 3 gives a asafunctionof) . We constructed this curve on the basis of a statistical 
processing of the measurements, [ae 16, 17, 21, 23, 24, 33, 39]. The average values of a (A ) 
for different climatic regions can be satisfactorily approximated on the curve (a, log ) ) by a 


straight line a = C; -Cy logrx. Thus, a ~ log =. Figure 3 also shows the result of our 


measurements (point 1, where = 30 cm), which are in almost full agreement with the data in 
[18] (A =35 em), although the difference in the values of P;/P, attained 10 db. There is basis 
for supposing that the quantity a is a variable parameter for comparing results and for deter- 
mining certain quantitative properties of this process. 


3. CHANGE OF A SIGNAL WITH TIME 


A large amount of attention is devoted in a number of works to the study of fluctuations or 
fading on the received signal in time. These fluctuations determine the stability of communi- 
cation links. The extensive material which has been accumulated makes it possible to dis- 
tinguish slow and rapid fading. In recent years, most of the studies have been conducted for 
ducts up to 300 - 500 km in extent fis, 14, 16-19, 21-29, 33, 57 . For greater distances, the 
data on fading is extremely limited. 

When recordings of the signal levels over dif- 
T = ferent periods of time (an hour, a day, a month, a 
year) are analyzed, slowfadingis invariably observed. 
This fading may be caused by the appearance or dis- 
appearance of inversion layers and large inhomoge- 
eities, and by changes inthe value of d€ /dh (the vertical 
gradient of the permittivity of airg ). 

The diurnal behavior of the mean hourly values 
of the signal is not expressed clearly and does not 
have any definite pattern [26], although most frequently 
the signal is stronger in the evening and at night than 
in the daytime [28, 41, 56, 59]. In summer, this be- 
havior is seen more clearly than in winter, and it is 
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Q05 3 Laer Meta wy xem more definite over short distances (100 - 150 km) than 
over long distances (400 - 500 km). In works [33], it 
Figure 3. Dependence of linear is notedthat at distances of 158 and 332 km, the signal 
attenuation @ onthe wavelength). is stronger at night and in the evening than by day; at 
I) = Bl) eink 2) ss ej) als 4) a distance of 575 km, this behavior is reversed and 
PEG SSG) PLB Th) ibe ts) BS9 the maximum values of the signal are observed in the 
9) 16. daytime hours. According to our measurements on 
ducts of 100 and390 km, the diurnal variation amounted 
to 8 - 12 db. 


The amplitude of the slow fading does not seem to depend on frequency. Under different 
climatic conditions, the difference attains 10 - 25 db (distances of 300 - 400 km) [19, 24, 25, 
57}, sometimes attaining 300 db and more, and is greater in summer than in winter. 

The level of the received signal also undergoes seasonal fluctuations, increasing in sum- 
mer and decreasing in winter. The amplitude of the seasonal fluctuations decreases with 


~ 


increasing distance. It is possible to judge of the degree of these changes in amplitude from 
work [25], according to whichthe difference between the maximum and minimum mean monthly 
values amounted to 12 and 6 db for distances of 300 and 987 km respectively. 

During short periods of time, rapid fading is also observed. This is superimposed on the 
slow fading and, by contrast to the slow fading, depends on frequency. As a result of the super- 
imposition of the rapid and slow fading, the total amplitude of the fading is increased. Accord- 
ing to some sources, this amplitude attains a maximum at distances of 100 - 300 km [13, 28], 
but according to the results of other studies[40, 48], it decreases monotonically with increas- 
ing distance and, according to [25], equals 3 db in winter and 10 db in summer at a distance of 
990 km. 

In a large part of the studies, the distributions for short time intervals (tens of seconds 
to one hour) are close to Rayleigh distributions [21, 28, 42]. There is evidencethat a Rayleigh 
distribution is encountered only for weak signals [19, 25]. However, other studies indicate that 
the amplitude of fading for short time intervals is often smaller and sometimes greater than 
13.4 db [26, 59]. On the basis of measurements, a number of authors note that as the period 
of observation increases the distribution becomes a standard logarithmic one [25, 26, 42]. 

Experimentally it has been found [52] that patterns of the type described in [32] indicate 
that there is a constant component in the received signal. In cases where inversion layers or 
atmospheric waveguides are formed, the distribution may not be of the standard logarithmic 
type. 

A detailed study of the distributions was conducted in articles [14 and 16]. As a result it 
was shown that, in effect, the following types of distribution are encountered in additicn to 
Rayleigh distribution: a modified Rayleigh distribution, a standard logarithmic distribution, 
and other types. Article [16] expresses the hypothesis that the distributions in the first and 
third categories are the results of incoherent scattering, while distributions in the second 
category are the result of the superimposition of the scattered components and the constant 
components. This hypothesis is dubious, since the Rayleigh distribution can be obtained when 
radio waves are reflected from broken layers [44]. 


Figure 4. A comparison of the experimental curves 
of the distribution of the field amplitude with the 
theoretical curves. 


A)Summer, D =150km, 6 = 1.12; B) winter, D= 390 
km, £8 = 1.5. 


From our observations on a duct 390 km in extent (A = 30 cm), the integral curves ob- 
tained for periods of an hour or more were close to distributions of the standard logarithmic 
type. This points to the existence of a constant component. Even during minute intervals of 
time, a Rayleigh distribution was rarely encountered and then only for the weakest signal 
levels. It is possible to draw the conclusion regarding the existence of a constant component 
by comparing the experimental data with the probability density of the process depending on 
the constant component and the finite number of components subject to a Rayleigh distribution 
law. 

Figure 4 shows a wintertime and summertime comparison of the theoretical probability 
density curves with the distribution parameters found from direct measurements. This shows 


that the equation 


where 


R is the total amplitude of the field vector, aj is its constant component, and ag is its random 
component, can describe the changes of the signal level in time. 

Figure 5 shows the diurnal behavior of the component aj and 2 a%, and the ratio g? for a 
150 km duct during one day. By contrast to the random components, the constant component 
is maximum in the evening and morning, and close to zero at about midday when the distribu- 
tion is close to Rayleigh. 

The fading rate — the number of times the instantaneous values of the signal intersect the 
average level in a second — will obviously be determined by the rate of change in the phase of 
each interfering wave in time. This rate should increase with increasing frequency and in- 
creasing duct length, as is confirmed by a number of experimental studies. A connection be- 
tween the fading rate and the magnitude of the received signal is also seen [33]. An increase 
of the signal usually leads to a decrease of the fading rate. 
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Figure 5. Diurnal behavior of a3, Da% and p?. 
D=150km. The abscissa indicates the time of day. 


Rapid and deep fading may also be caused by reflectionfrom airplanes. This type of fad- 
ing increases with frequency and depends on the velocity and direction of motion of the air- 
plane. 


4, GAIN LOSSES IN ANTENNAS 


In experiments extending far beyond the limits of the horizon, the phenomenon of gain 
losses in the antennas (‘‘losses in the coupling of the aperture to the medium’’) were dis- 
covered, These losses were caused entirely by the special properties of propagation in the 
troposphere. 

The essence of this phenomenon is that in antennas with a gain G exceeding 25 - 40 db 
the gain is not fully achieved and is smaller than in free space. 

In the literature, data from experimental studies of this phenomenon beyond the limits of 
the horizon appeared in 1955 [2, 45, 48]. 

Although the mechanism of how the gain losses arise in antennas is far from completely 
studied, at least two hypotheses can be proposed on the basis of the experimental data to ex- 
plain this phenomenon. 

1. The propagation of radio waves in a statistically inhomogeneous medium ultimately 
leads to a distortion of the wave front in the plane of the receiving antenna and thus the energy 
absorbed by the receiving antenna is smaller than the energy it would absorb in the absence 
of fluctuations in the amplitude of phase. 
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2. Elementary waves with different random angles of incidence can arise at the receiv- 
ing antenna. When the fluctuation of the angles of incidence are comparable with the width of 
the radiation pattern, the effective gain of the antennas is reduced.* 

Both of the above mechanisms were discovered experimentally in [20] as a result of rapid 
oscillation of the radiation pattern of an antenna. The instantaneous characteristic of the radi- 
ation patterns were basically of two types: a) the width was 1.5 -3x broader than the width 
of the radiation pattern of the antenna taken within the limits of direct visibility; or b) the 
instantaneous width was not broader, but the direction of the maximum of the radiation pattern 
of the antenna relative to the axis of the duct changed in time. 

* The question of the first mechanism was studied in [51] with certain assumptions about 
the correlation function. 
Figure 6. The actual gain of an antenna as 

db a function of the gain for a plane wave (the 
abscissa shows the gain of the antenna for 
a plane wave, while the ordinate shows the 

actual gain). 

1—[46], D = 300 km, A — 12.0 em; 2—[5], 
D = 300 km, A=7.3 cm; 3—[1lWJ Des 
km, A =10.0 cm; 4—[19], D = 280 km, 
A = 8.7 cm; 5—[22], D =320 km, A=4.0 
cm; 6—[47], D = 215 km, A=3.3 cm; 7— 
[47], D=150 km, A=%.3 cm: 8—[41],.0D= 
278 km, A =9.8 cm; 9—[25], D = 300 km, 
A = 13.0 em; 10—[48], D = 320 km, A=...; 
11—[49], D=74 km, A =3.3 cm. 
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Independently of [20], a similar hypothesis that both mechanisms could exist was ex- 
pressed and theoretically studied in [55]. This phenomenon was studied experimentally in [5, 
17, 19, 22, 25,46, 47, 48] by a comparison of signals received at antennas with different gains. 
A comparison of the results of the measurements is made difficult by differences in the time 
and duration of the measurements, since in all cases these losses are given as averages, 
which, as a rule, are taken over different intervals of time. With small exceptions, all these 
measurements were conducted on ducts of about 300 km in extent and in the range of wave- 
lengths of 3 to 12 cm (Figure 6). 

Although the justification for adding the gain ofthe 
transmitting antenna to the gain of the receiving an- 
tenna is an open question (see for instance [104)), it is 
seen from Figure 6 that the experimental points are 
grouped with a small spread about a straight line ap- 
proximating the results of work [25]. 

For ducts with an extent of the order 300 km, the 
gain losses increase as the total gain of the receiving 
and transmitting antennas increases and as D increases 
to 300 - 500 km, with f = 2290 Mc. However, there is 
evidence that witha further increase in distance these 
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losses begin to drop. For instance, for distances of Figure 7. Distributions of the gain 
the order of 1000 km, when f = 413 Mc, all of the gain difference between two antennas. 
of the parabolic antenna 18 m in diameter is used [25] On the ordinate, y indicates the dif- 
(see also [1]). ference between the actual gain of 

There is an almost total lack of data on the vari- the antennas in dbm; the abscissa 
ations of the gain losses of antennas with seasons, the indicates the amount of time in % 
time of day, and meteorological conditions. However, during which y is greater than or 
from [5] it can be concluded that the magnitude of the equal to the corresponding ordinate, 


* Because of fluctuations in the angles of incidence [49, 50], gain losses are sometimes 
discovered in the zone of direct visibility as well. 
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losses is statistical in nature, as is the magnitude of the received signal. On this basis a curve 
(Figure 7) can be constructed which definitely points to the existence of such a dependence. 
Article [5] contains values of the weekly averages of the power of signals received during a 
year and two antennas with a gain of 38 and 56 db. During the different seasons the quantity 
y=Gisyy - Gs.syq Changed from zero to 10 db. It was found that y is larger for stronger 
signals than for weaker signals. 


5. DISTORTION OF SIGNALS IN LONG-RANGE TROPOSPHERIC 
PROPAGATION. ATTAINABLE FREQUENCY BANDWIDTH 


The arrival of many waves with different amplitudes and different time lags at the re- 
ceiver leads to distortion of the signals and limits the possibility of transmitting messages 
with a fairly large bandwidth. 

Experimental study of signal distortions are relatively few in number [, 33, 42, 51, 61]. 
Tidd [62] has studied the possibility of transmitting broadband signals such as those needed 
for television. However, the study does not make it possible to determine the stability of 
transmission. 

The published theoretical works on the determination of signal distortions are based on 
the representation of the troposphere in the form of some ideal quadrupole [63-66] or on a 
determination of the amplitude correlation of the components of the signal at different fre- 
quencies within the limits of the transmitted spectrum [80, 60, 67, 68, 69]. 

For antennas with a small directivity, all studies based on the concept of incoherent 
scattering lead to a relation between the maximum possible passband (Af)max and the dis- 
tance D in the form 


const 
(A)max = pe > 


which differs only in the value of the constant in different papers. 
Under the assumption of coherent scattering [66], the following relation is obtained: 


const 


(Af)max== “py « 


While with antennas with a small directivity the amplitude of waves having a large time 
delay is reduced through diffraction attenuation by the ground (which, it is true, is not taken 
into account in any of the studies), and through the ‘‘directivity’’ of the troposphere, in antennas 
with narrow radiation patterns the amplitude of these lagging waves is also reduced through 
the directivity of the antennas. In this case, the maximum passband will depend to a con- 
siderable extent on the width of the radiation pattern of the antennas. However, the nature of 
this dependence shows up differently in the literature. 

Because of the random nature of the re-emission of electromagnetic energy by tropo- 
spheric inhomogeneities, the signal distortion should also be random. This is confirmed by 
measurements [5, 61] and experiments conducted in the USSR. The experiments show that 
both the amplitude distortions of the signal and the time delay are subject to large and rapid 
random changes in a passband several megacycles in width. The signal distortions of two 
antennas at a sufficient distance from one another are uncorrelated. Therefore diversity 
reception not only improves the signal level, but also reduces the distortions of the signal, 
and that provides for a large carrying capacity in tropospheric radio ducts. 

Without doubt, both the experimental and the theoretical studies connected with the de- 
termination of signal distortion are far from complete. Further studies are necessary for the 
purpose of finding more carefully the dependence of the distortions and distance, wavelength, 
antenna directivity, and so on. It is also necessary to determine the effects of diversity 
reception on signal distortion. It seems advisable to develop theoretical studies of signal 
distortion by finding the correlation between the amplitude and phases of the components of 
the signal spectrum. This approach appears to be the most promising, since distortions can 
be determined statistically by this method. 
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6. RADIO-METEOROLOGICAL STUDIES 


An analysis of the connection between the behavior of the signal and the meteorological 
conditions in the ducts may be of assistance in determining the predominant role of one or 
another mechanism of long wave propagation. 

Refraction measurements [37, 70, 71] have added to the extent and depth of our conception 
of the structure of the troposphere and, in particular, to a knowledge of the function €e (h), 
(Ac)? and the size of the turbulences /. These measurements have shown [71, 72] that the 
V (Ge)* usually varies within the limits of 0.3 - 3 N units and there regularly exist inhomo- 
geneities from 1 to 300 m thick with layers in them. The intensity of the ‘‘jumps’’ in these 
layers varies from 2 to 50 - 60 N units and is especially great in the so-called ‘‘invisible”’ 
clouds [39, 72]. The existence of turbulent layers has also been established. 

In article [72], it is asserted that at height h = 3000 m 
and more the quantity (Ac)* /Z is too small to explain the VE bepxrossto S10) 
distant field and that the change in the quantity with height 
does not give the required function P;(D). No large in- 
homogeneities of « were found in the troposphere, while 
at altitudes h = 15 km the fluctuations of ¢« lay below the 
threshold of sensitivity of apparatus. The experiments 
conducted in the USSR up to an altitude of 5 km [70] did 
not show a decrease of (Ac)? with height. The intensity of 
(A)? increased sharply at the boundary of inversions and 
clouds and was not connected with the values of « near the 
ground. We conducted simultaneous measurements of Py 
and (Ac)? /1. A comparison with Gordon’s formula [64] 
(Figure 8) shows that for a duct 300 km in extent the com- 
puted value of P; is 30 db higher than the experimental 
value. 

A radio method can also be used to obtain information 
on the structure of the atmosphere and tc determine the 
mechanism of long-range propagation. For instance, a 


study of the characteristics of the radio signal made it ~100 Tie a Pr Sf i 

possible to study the drift of inhomogeneities and to show (2/2) db 

that inversion layers have an appreciable influence on r’0/ exp’ 

wavelength in the meter range in ducts 100 - 400 km in 

extent [73, 74]. Figure 8. A comparison of 
A large amount of attention is devoted to determina- the experimental values of 

tion of the variation of P, with a gradient of refractive the field intensity with the 

index of air AN, in the 0 - 1000 m layers. Since a clear computed values. 

relationship has been established [75, 76] between AN, and 1)A = 140cm;2)A = 100 cm; 

the quantity N = N,atthe surface of the earth, some authors 3)’ = 10 cm; 4)A = 30 cm. 


[27, 77] use the quantity Ny to predict the average values 

of P,. For instance, in [77] Bean established that when the quantities Py and No are averaged 
over a week or a month the correlation coefficient r between them is equal to 0.8 - 0.95. The 
correspondence coefficient k which he computed per 1 N unit turned out to be equal to 0.2 
db/1 N units on the average. On the basis of the quantity k and world maps of isolines of No, 
it is shown in [78] that the change of Py in accordance with climate attains 32 db. 


However, the parameter Ny, which characterizes fairly well the average gradient dN/ dh 
and less well the intensity of the jumps of « at the boundaries of atmospheric inhomogeneities 
and inversion layers, gives no information on the height of the layers or on the dimensions of 
turbulent formations. The quantities r and k show diurnal variation, having a maximum in the 
early morning hours and a minimum in the afternoon. Changes of the average values of k are 
also observed in different climatic regions. Thus in [89] the average value of k turned out to 
be equal to 0.8 db/1N unit (Italy), D = 400 km. 


In regard to a study of the relationship between AN, and No, [59] notes that no connection 
between these quantities was found in the eastern part of Africa, (Dakar), Australia, and the 
Cocoa Islands. 
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Misme [80] does not believe that the quantity Ny and AN, take into account the influence 
of the upper layers of the atmosphere and introduces a new meteorological parameter Gy. { 
This parameter is based on a calculation of the gradient N in the layer from the ground to the ) 
region of intersection ofthe radiation pattern of the antenna, as well as on the thermodynamic > 
stability of the atmosphere. In analyzing the connection between Pr and Gy, Misme finds a 
fairly clear relationship between these quantities. However, it is difficult to form a judgement 
on the advisability of using this parameter because of the lack of the comparison of Py with — 
AN, and Ny under the same conditions in [80]. The connection of Py with general meteoro- 
logical conditions is also studied here. 

Klinker [81] has established that in anticyclonic conditions, which are characterized by 
sinking depressions, the signal undergoes slow fading of 10 - 20 db with a period of 10 - 30 
min. Its magnitude is 10 - 20 db higher than the average value. 

On the contrary, in cyclonic conditions, which are characterized by intensive stirring of 
the atmosphere, the signal undergoes rapid fading after 30 db with a period from 1 sec toa 
few minutes, while its magnitude is 20 db lower than the average value. These signal charac- 
teristics are in agreement with [82], in which fading is studied in connection with the passage 
of frontal surfaces. There it is shown that the movement of a front along a duct combined | 
with atmospheric instability near the frontal surface leads to rapid and deep fading of the 
signal. 

The measurements described in [33] showed that the wind velocity has a direct correla- 
tion with the depth and speed of fading, and an inverse correlation with the quantity Pr. This 
area of work also includes the study described in article [83], whose articles obtain the re- 
lationship of Py to meteorological conditions by using weather charts and data on the vertical 
velocity of air currents. A clear connection between the vertical velocity of air currents and 
the mean hourly values of Py was discovered. Cloudiness has also been noted to have an 
effect on Py [84]. 


Il, THEORY 


The three years from 1957 to 1959 represented a period in which the original form of the 
theories of incoherent scattering [53, 85-92, 106] was improved, and also a period in which 
new mechanisms and theories of long-range tropospheric propagation of ultrashort waves 
were investigated. 


1. CONCEPT OF INCOHERENT SCATTERING. GLOBULAR 
INHOMOGENEITIES. 


The reviews which have been especially compiled [93, 94, 52, 43, 12, 11, 9, 95, 96] or in- 
cluded in many works free us from the necessity of presenting the theory and basic principles 
of the concept of incoherent scattering. Because of the naturalness of this concept and its 
fundamental correspondence to the changeable nature of the ‘‘transdiffraction’’ field, this 
concept became extremely popular by the beginning of the 1950’s. Thus, in the Proc. IRE 
(1955, No. 10) only a single article [97] was based on another mechanism of propagation. 
During this period, the layer structure of the troposphere was either totally ignored, or de- 
clared to be ineffective or random. This explains, for instance, why the quantity (Ac)? (or 
(A«)?/l) was made to vary according to a power of the height kh, although this scarcely 
agreed with experiments. Indeed, as a result of this choice, it was possible to obtain the 
much stronger correlation between Py and distance required by experiments, and the theoretic: 
curves could be adapted to the experimental curves by varying N. 

The divergence of different theories with regard to the question of the nature of the vari- 
ation of P,./P ) with frequency and the obscurity surrounding this question (which is still un- 
clear, see above) also made it necessary to conduct further theoretical research. AS soon as 
the turbulent nature of atmospheric fluctuations was generally recognized, considerable 
attention began to be devoted to problems in the theory of and in particular to the search for 
new correlation functions. The use of the transformation of a correlation function into a 
Fourier integral or series (spectral representation) provided a rigorous and convenient tool 
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of examination, presenting considerable heuristic value. For instance, the author of [118] ar- 
| vives at the conclusion that the existence of a definite relationship between A and the spectral 
component 7 is important in propagation problems, although the practical value of this idea is 
still unclear. 

During the past three years, two well-known theories have been chiefly used in works 

| devoted to questions in incoherent scattering: on the one hand, the Kolmogorov-Obukhov 

_ theory (see also [99, 100]), and on the other, the theory of ‘‘scrambling of the gradient’’ in- 
troduced by Villars and Weisskopf. The first theory uses a factor of X1/3 to express the fre- 
quency dependence of Py/P), while the secondtheory uses). Since the latter type of variation 
“is in closer agreement with experiments, many people prefer the second theory. In particu- 
lar, on the basis of this theory a hypothesis regarding the influence of the stratosphere in 
propagation over distances greater than 600 - 800 km has been proposed. 

So far there has been no general solution of the Maxwell equations for a case of a statis- 
tically inhomogeneous medium above a spherical Earth. This general solution would obviously 
have to combine the theory of refraction propagation above the spherical Earth with the 
reemission in the fluctuating medium. So far the studies conducted in this direction hold only 
for special cases [102, 103] and for a plane Earth. 

Because of the still insurmountable mathematical difficulties all theories of incoherent 
scattering tendfirst to radically simplify the problem so that it can be handled by the methods 
of geometric optics (the intersection of sharply limited radiation patterns in the refracting 
volume of the troposphere, i.e., they assume that all the intermediate regions do not play an 
important role in propagation. 

It is known that, in effect, all such theories lead to equations of the ‘‘radar formula type’’ 


fee Ope (Wey. (1) 
Po Qe \ rR Rr ; 
where Q is a constant factor; o (9) — ‘‘the scattering cross-section’’ — is some function 


expressing in one way or another the influence of the fluctuation of €« and the dependence on 
i and the gradient de/dh (if only by reducing the radius of the earth to an effective radius). 
From this formal point of view the different theories differ basically only in the form of the 
function 0. The differences in the method of carrying out the integration in (1) and in the 
assumptions regarding the size and shape of the re-radiating volume V are far less essential 
than the assumptions regarding the variation of (Ac)? or (Ac)*// with height or the quantita- 
tive value of these quantities. 

Following Waterman [104], we can confine ourselves to the 
remarks that in all such theories o (@) is expressed essentially ~40 
in the following simple way: 


3 (0) = 


Nautical miles 
100 200. «30 


b 


sin™ (5) 


where @ is the angle of reradiation, which can be taken equal to 
the angular distance between the receiver and transmitter; and c 


is an expression accounting for the dependence on (Agee. Figure 9. Comparison 
d </dh, etc. For even integers m > 2, a general formula is ob- of different analytic 
tained in a good approximation in [104] by integrating Eq. (1) functions express- 
over all space above the planes which are tangential to the earth ing the field in terms 
at the transmitter and the receiver: of distance. 

- = 0bA,D-™, (2) 


v0) 


where A. depends on m. If b~ h™, D-M*3 must be replaced by D-M*3-2N, For theories in 
which m, while not an integer, is still close to an integral number, it is possible to replace m 
by the nearest integer (as for instance in [58]). The existing theories gives results extremely 
close to Eq (2), and the difference between these results scarcely has any significance beyond 
a purely theoretical interest. 

A characteristic of all the theories is the variation of the field as a power of D. Since 
often this does not correspond to experiment, it is not only necessary to introduce the 
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proportionality b ~ h™, but also to take different values of m for different distances. For 
instance, in [58] it was necessary to use the wholly artificial hypothesis, which does not oe 
respond to the fact, that up to h = 660 m the quantity b is constant and is proportional to h “s 
However, (Figure 9) in the diagram (log P,, D) the points of the experimental curve fit easily 
onto an exponential curve, and if the field is taken to be an exponential function of D, the need 
for an artificial hypothesis regarding the variation with altitude disappears. It is true of a 
large number of experimental curves (see above). 

For a comparison with experiment, it is also necessary to select the numerical value of 
(Ae)? or (Ac) 2/1 (which, it is true, lies within the limits of the observed values in the ma- 
jority of cases). In this connection, there are no less than four parameters in [104] which can 
be selected arbitrarily. 


2. CONCEPT OF INCOHERENT SCATTERING. TURBULENT LAYERS. 


The structure of the troposphere in layers and the reflection (even though the special 


type) of waves from the troposphere’s layers has long been proposedasa possible mechanism ~ 


of long-range propagation. For instance, Feinstein’s hypothesis [105] that the waves are re- 


flected from an inhomogeneous atmosphere varying monotonically with height can be included | 


in this category. When direct measurements showed that fairly stable tropospheric layers 
of the inhomogeneities did exist [71], the interest in the layer structure of the troposphere 
greatly increased. 

One of the first to direct attention to the possible role of the layers in long-range propa- 
gation of ultrashort waves was Troitskiy [107] in 1955, who proposed a layer arrangement of 
the turbulent atmospheric inhomogeneities and obtained theoretical equations which corre- 
sponded to experiment (under certain assumptions). Schunemann [108] also developed the 
idea of the influence of layer-type inhomogeneities. The nature of the refraction from layers 
was developed by Brekhovskikh [109] and Beckmann [44]. Staras [60] who proposed consider- 
ing the anisotropy of inhomogeneities can also be regarded as an initiator of this hypothesis 
to a certain extent. First, Friff, Crawford, and Hogg [110] developed this idea clearly. In 
their treatment the chief role is played by the number and shape of the layer formation. They 
determined the reflection of waves by the methods of geometric optics combined with a 
determination of the coefficient of diffraction by the methods of Fresnel diffraction. The 
actual turbulence of the layers is not really taken into account, but it is assumed that indi- 
vidual layers can be oriented in any direction, so that layers lying outside the great circle 
of the duct may participate in the reflection to the receiver. The coefficient of reflection 
obtained is proportional to the change [d¢/dh] , at the boundary of the layer. From a few 
assumptions partly arbitrary, about the numerical values of this change, the dimensions of 
the layers, their shapes and the shape of the volume V, a function which varies with distance 
according to @~* (i.e., D*) and which is proportional to A is obtained. This function con- 
tains a considerable number of arbitrary parameters, providing great opportunities for 
bringing the theories into agreement with experiments. In a second very extensive work [5], 
a number of related questions is considered. 

The concept of turbulent layers is being developed in detail by Castell, Misme, Voge, and 
Pizzichino [10, 111, 112, 113, 119] who have proposed a model of the atmosphere called a 
“‘petaled atmosphere.’’ This model is also of the layer type, but consists of a large number 
of leaves, some of which are ‘‘quiet,’’? and some of which are ‘‘disturbed.’’ They support this 
hypothesis with meteorological observation and arrive at the following conclusion. The quiet 
layers provide chiefly mirror reflection, while the disturbed layers provide chiefly diffuse 
reflection. However, both mirror-reflection and diffuse-reflection components exist for each 
type of layer. The relative magnitude of these components is determined by the parameter 


C= sin tp [2a +L aN ~ 
x yy ! 


where L is the “‘longitudinal size of the reflecting surface’’ (assumed to be finite), while 
90°-W and 90° -@ are the angles of slide and reflection (v= gy only in the case of mirror 
reflection). The smaller h and W (and the larger )), the larger and more constant is the 
mirror component, As a decreases, the straight line on the ‘‘Rayleigh diagram” indicating an 
exact Rayleigh distribution begins to bend somewhat and its slope becomes flatter and flatter, 
until finally it becomes a horizontal straight line, showing that the amplitude is constant (132 


786 


i ee 


and [44]). For the ‘‘partial’’ field of individual layers, the mirror component of the field is 
found to decrease as the angle of slide Y and the frequency increase, while the diffuse com- 
ponent behaves in the reverse fashion. It is found that there is no need for a reflecting layer 
with a thickness h to be continuous and that the distinction between mirror reflection and 
diffuse reflection (and the corresponding field distributions) still holds for a ‘‘combination of 
reflectors’? randomly distributed in the ‘‘h layer,’? even when the boundary surfaces are not 


flat. Mirror reflection disappears for h< eh. 


, In a later work [119], this concept is developed. The fundamental significance of consid- 
ering the instantaneous signal characteristics rather than the usually observed average values 
is emphasized, Formulas are derived for the power reflected from regular and irregular 
surfaces. These formulas are necessary for the subsequent computation of the received field. 
It is found that the three possible mechanisms of the propagation (mirror reflection, scatter- 
ing from layers, and globular scattering) transform into one another as the frequency in- 
creases. This ‘‘provides a bridge’’ between the concept of partial reflection and scattering. 


3. CONCEPT OF COHERENTLY REFLECTING LAYERS 


A number of works postulate fairly long (ideally extending the entire length of the duct) 
and relatively stable layers of inhomogeneities of «€ or the gradient* d¢/dh, which scatter 
coherently the energy arriving from the transmitter, 

These views, which have long been held with regard to the ionosphere, were first applied 
to the troposphere in the theory of tropospheric waveguides in the beginning of the ‘forties. 
Then, following [105] Carroll and Ring developed these views. These authors [97], showed 
that, when the classical problem of diffraction is solved for a profile which is more compli- 
cated than a linear profile (leading to the concept of the equivalent radius) and taking into 
account [98] , a very large number of terms in the series representing natural waves, which is 
a solution of the original differential equation, it is possible to obtain a result in satisfactory 
agreement with experiments. Ponomarenko [114] arrived at similar results by using Fok’s 
diffraction theory [115]. Kalinin [66] applied the method of geometric optics to a troposphere 
with a monotonic profile (under certain assumptions) and obtained a positive result disting- 
uished by very simple computational formulas. 

The notion of the reflection of radio waves from stable layers in the troposphere en- 
counters a double objection. The first objection congerns the incompatibility of the large 
variability of the field over large distances with the concept of stable tropospheric layers. 
However, by following a model such as that given in [112], variability can also be introduced 
into these layers without any special difficulty (although this can be done only theoretically 
for the present). The second objection is much more Serious and applied to studies such as 
[97, 98]. However, this objection is rather of a theoretical nature and does not involve the 
practical aspect of the question very much. The point is that the authors of these studies 
assume the following type of function for «: 1) decreases monotonically according to some 
equation up to h= Hog (it is assumed that H,= 9300 m), and 2) at h= H, the quantity « becomes 
constant (for instance, equal to unity) with a sharp discontinuity of the gradient d«/dh at 
h= Hy. However, this means that at h= Hy there is actually some (mathematically infinitely 
thin) layer of the gradient d¢/dh. Indeed, Northover [116] arrived at the conclusion that there 
can be no distant field if the profile of « (h) does not have this discontinuity. However, ina 
second study [117], this same author showed that when there is a layer d¢/dh at some height 
h=Hj (Hj not necessarily equal to H9), it is possible to obtain a field of the necessary order 
at large distances. For sufficiently large D, the attenuationof Py with distance D is stronger, 
the shorter 4. Generally speaking, this is in agreement with experiments. However, this 
result is attained at the price of introducing two arbitrary parameters: Hi, and the intensity 
of the layer (i.e., the value of d «/dh in the layer). In addition, both the actual computations 
and the final equations are much more complicated than in theories based on incoherent 
scattering. 

Nonetheless, this theory deserves great attention. Indeed the actual existence of layers 
is reliably established by direct measurement (see above), while their role in long-range 


*As well as of higher derivatives: d’¢/dh’, etc. 
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propagation is established by studies of the dependence of Py on distance. Thus, the authors 
[15] arrive at a definite positive conclusion regarding the existence and influence of such 
layers in their experiments at frequencies of 91.3 Mc. On their curve, there are clear 
maxima (observed by Megow [53] previously). These maxima are explained by the theory 
developed in [15], in which the methods of geometric optics are used for the reflection of 
radio waves in stable spherical layers. ; 
It is difficult to doubt that the diffraction approach (as distinguished from the method of — } 
geometric optics) to these problems is considerably more rigorous when applied to the prob-_ 
lem of propagation along the curvature of the terrestrial sphere. Therefore, we made an i 
attempt to simplify the equations given in [116, 117]. By the approximate method of replacing | 
the summation of the infinite series in [116] and [117] by integration, an equation of the type 


f= 0 [ip Mo seta 


is obtained, where ® is a complicated function similar to the height factors in the classical 
theory of diffraction which expresses the dependence on ) and on the magnitude of the dis- 
continuity [d </dh] ,in the layer, while a is another function of the form A -B In) which 
depends on the same parameters (See above), where the quantities A and B do not depend on ).' 
Without being rigorous and without showing explicitly the fluctuating nature of the field, 
this equation does, however, give the required exponential change of Py(D). (Since the varia- 
tion with D ~!is unimportant relative to the exponential factor). 
It is interesting to note, since a ~ Ind, the variation with frequency is basically of the ‘ 
form Py/P,) ~ »BP. 
It turns out that BD ~ 1 for D=300 km. This is in agreement with the results of article © 


[38]. 


CONC LUSION 


The practical utilization of the phenomenon of long-range propagation is making large 
steps forward. However, for a complete theoretical understanding of the question, there re- 
mains much to do, in particular in regard to the study of the structure of the troposphere, the 
determination of the possible role of the stratosphere, the better understanding of the influence 
of climatic conditions, and so on. 

The following questions have been little studied so far: the dependence of the signals on 
distance and frequency; the width of the passband; and the role of dispersing the antennas in 
space and with respect to frequency and angle of incidence. From the theoretical point of 
view, this is the result of the insufficient knowledge of the interaction of the three known 
mechanisms of propagation. Attention must be directed to this problem as well as to the 
possible extension of various old theories, at the same time as broad experiments are inten- 
sified and experience is acquired in operation. 

In this way it will be possible to obtain the goal of the theoretical studies — reliable 
engineering formulas. 
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PROPAGATION OF ELECTROMAGNETIC WAVES 
OVER A GYROTROPIC MEDIUM 


N. D. Khaskind 


This article deals witha plane surface of separation between a vacuum and a homogeneous 
absorbing anisotropic medium. An electromagnetic field, excited by given sources, is studied 
in the vacuum above this anisotropic medium. 

Generalized boundary conditions are used for the solution of this problem. On this basis, 
the propagation of electromagnetic waves formed by elementary electric and magnetic radi- 
ators is analyzed. The greatest attention is devoted to transversely magnetized plasma and 
to ferrite. For these cases, the fields are determinedas RMS values. This makes it extremely 
simple to find the reflection equations and the attenuation functions for different polarizations. 
The results obtained have particular significance for the analysis of the propagation of radio 
waves near the gyrotropic ionosphere. 


1. BASIC EQUATIONS 


Suppose we have a homogeneous absorbing anisotropic medium, for which we write the 
complex dielectric and magnetic tensors in the general form 


17 S12 13 Hy, Wie Piss 
y= (en Ego 23 ||, pp =| Per Pee | (1) 
\€a; Egg = & 33 Yai Bs Pas? 


In the future, we shall account for the time dependence by means of the exponential factor 
exp iwt, which we have omitted for brevity. We shall use the rationalized practical system of 
units, in which & and p, represent the permittivity and permeability, respectively, while the 
primed symbols’, and», refer to relative permittivity and relative permeability respectively. 
We direct the z-axis along the outward normal to the boundary of the anisotropic medium, and 
we locate the xy-plane on this boundary. 

An electromagnetic field penetrates only a small depth into an absorbing medium. There- 
fore, for the tangential components of the intensity of the electromagnetic field at the surface 
of separation, the same equation can be adopted as for plane waves propagating in an aniso- 
tropic medium along the normal to this surface of separation. The specific form of these 
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equations is easily established, although it is first necessary to carry out a series of tedious © 
computations with the general equations for an electromagnetic field in an anisotropic medium 
for the case of plane waves propagating in the negative direction of the z-axis. We shall omit | 
these computations, and proceed from the following approximate boundary conditions. For the | 
determination of the electromagnetic field in a vacuum above an absorbing anisotropic me- 
dium*: 


Ex = —Po(Puflx + Pily), Ey =—Po(Prlx + Peay) for 2= 0 (2) | 
(Po = (Wo / £o)”* = 120% ohms), where the dimensionless coefficients p,, are defined as follows: 


__ O11 (lL) Mire — Oo» (€) B (H) 
NM (nN + Nz) 


__ M12 (MW) Mate — Ae (€) B (M) 
Nj Nz (My + Na) y 


Pir > P12 


(3) 


Oo1 (LL) MyM. — gq (8) B (WL) a ee (WL) mine — O11 (8) B (MH) 
TyNg (My + Ny) De ier NyNy (72, —- No) eer 


Poy 


Here nj and ng are the complex refractive indexes of the ordinary and extraordinary waves: 


j : 1 1, 
n*— yn? + B(e)B(w) =0, ni, =a (ry £ (7° — 48 (e) B(H))”) | 
(4) 
(Ny,2 = Mi» — IN v1, M,91 > 0). 
For the sake of abbreviation, we shall adopt the following notation (a=e or, ): 
04, (a) = oy ai ae x3, Ayo (a) = Ao. = a ae oy (4) = Ay, — (3, 
Ago (a) = Ay a ee ys; B (a) = Oy (@) O29 (a) — Ay2 (A) Xa (2), (5) 
Y = Ayo (MW) oy (E) + ay (Mh) Xr (&) — Os (ML) Oy3 (&) — Oy0 (ML) Mo0 (8). 
The coefficient p,,, can be represented in a somewhat different form. For instance, be- 
cause of the equationn?n? — 8 (e) 8 (u), we have for pi, 
11 (LL) 8B (€) — oe (€) mine 
Prt = "8B (e) (Fm) 
In the special case of anisotropic absorbing medium, we obtain 
ny =n = (e'')”, Re — Pe = Op Pe = — Pa (E)”. (7) 


Equations (2) then reduce to Leontovich’s boundary condition. In the same way as Leonto- 
vich’s boundary conditions, boundary condition (2) are correct for refractive indexes whose 
modulus is large relative to unity (|n,,.| Ss 1). However, an exact determination of the order of 
iver ce ema powers of the qualities is more difficult here than in the case of an isotropic 
medium, 

The approximate boundary conditions (2) are useful in that they describe immediately the 
characteristic properties of the refraction of plane waves, namely linearly polarized plane 
waves falling on an anisotropic surface acquire a transverse elliptic polarization in reflection. 
Indeed, suppose that E-polarized waves fall on an anisotropic surface (Fig. 1); 


Ee — e—ik (x sin 042 cos 0) 
, 


(8) 


* The general form of these conditions is given in [1]. 
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where k is the wave number, and @ is the angle of incidence 

(for convenience we have directed the z-axis into the aniso- 

_ tropic medium and therefore it is necessary to reverse the 

_ Sign in the right-hand side of condition (2). We obviously 

| have two mutually perpendicular transverse components for 
the refracted wave 


jae = Rove oe sin 8@—z cos @) E, — RM ete sin 6- z cos 0) (9) 


’ ’ 


where R® and R® are the coefficients of reflection of the 
_ electric field. By using the well-known equations relating E 
and H in a plane wave, as well as conditions (2), we easily 
establish 


R® — {cos 6 — prs) (1 — p21 cos 6) — pirP2e cos 8 
G (P12 + cos §)(1 — por cos 0) + pirp22 cos 6 ” 


R® — 2po» cos (10) 
Ss (P12 + cos §) (1 — p21 60S 8) + piyp22 cos @ 
In exactly the same way, when H-polarized waves fall on the surface (2) 
ee es en sin +z cos ie Ee est PR ome sin 0—z cos a (11) 
ipo eae Rok sin 0@—z cos @) 
oe m 
we obtain similar equations for the coefficients of reflection 
q 
ROY — PuPes cos § — (1 + pai cos 6) (pr2 + cos 8) 
ee (P12 + cos 8)(1 — par cos 8) + piipe2,cos  ’ 

(12) 


2p31 cos 9 
(P12 + cos 8) (1 — p21 cos §) + prip22 cos § * 
é 
This explains, in particular, at least from the qualitative point of view, the property of the 
propagation of long radio waves, which acquire an elliptic polarization in reflection from the 
ionosphere, as is well known practice. 
Let us obtain the values of the coefficients p,, for a gyrotropic electron plasma. For 


RY = 


transverse magnetization of the plasma, the dielectric tensor é,; becomes [2] 


H” Se ayy © 
£ Ar -4 
ip a Weipa Ole lhe 
OO) ee 
14 q2 (4 — is) _ oq? (13) 
Sa es Ge or =e 
g v fe 
fea fe Be 578 
(a) Ne eB 
PB. 2 = w 
Goa 8 m,£0 H m., 


Fig. 2. 


Here e and m, are the electron charge and mass; B, = u,H, is the induction of the magnetizing 
field; v is the number of collisions of the electron with heavy particles per unit time; ©, is the 
plasma frequency; o,, is the gyromagnetic frequency; and N is the concentration of free elec— 

trons. Taking u,, = 6p, for the plasma, where 6,, is the unit tensor, and using Eq. (3) - (5), we 


obtain 
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iff 1 1/4 ie 
P= Pe = (5-—a)=% Pe = — Pa = 5 (= as igh 


4) 2 
os cos? 9 —(r —— +4) cos —1 
R 1 g ? 
cost? + (r + +=) cos 6 +4 | 
: | 
“ & | 
Ro cos? 0) +(r ~-+5) cos § — 1 (15) | 
x 2 cee se , 
cos? § + r+—+—)eos 01 
& 
Re - RO = 2 0si 


1 a ; 
cos? +(r+—4+£) cose +1 


Suppose now that we have a plasma magnetized longitudinally in the direction of the x- 


axils: re 8 0 0 
eo 0 Be UH |e 
0 —in (16) 


Then from Equations (3) - (5), (10) and (12), we find 


4 4 Pye) 2 , 
Pir =P =0, Pie =—=Py, Po = —— =—pPr, rn =§ ul eitla Sars (17) 
no ny = | 
(1) _ 608 8 — py (1) __ pacos § — 4 iy PRG 
he cosA +p, ’ Rin = acos@ 4’ Re” = Rn = 9. (18) 


With regard to the ionospheric layer D, it is necessary to take into account the isotropic 


role played by the ions in this layer. As a constant, § is replaced by & =&+ & in transverse 
magnetization, where ¢;-is the complex relative dielectric constant caused by the ionized part 
of the D-layer. In longitudinal magnetization, we have 


2 
— ee) , ery , 
n=€ a3 + 8,, N= ei ex. 


Similar equations hold for gyrotropic ferrite. Indeed, in longitudinal magnetization of 
ferrite, the magnetic tensor up, is of the same form as 6¢,, i.e., 


R fi in, 0 
pz = —im Ey 0 ; (19) 
. 0) Our 


for which the values of §, and y, are given in [3] with an allowance for the absorption. From 
Eqs. (3) - (5), we obtain 


ul 


Dinh (PhP = — oe (ny —M)=8, Pie =—Py = Ie (my + ne) = 7, 
(20) 
n= e' (+m), m=e’ (Si == i): 
For longitudinal magnetization of the ferrite along the x-axis, we have 
P11 = Poo = 0, Pie = — = py, Po = —2 = — py, 
(21) 


2. FIELD OF ELEMENTARY RADIATORS 


To determine the excited electromagnetic field above a gyrotropic surface, we shall use 
Hertz electric and magnetic vectors II, andIl,,: 


B= orad div i, Jeb, — iho, vot 


my 


(22) 
H = grad div Wl fel =— rot EL, 


0 


Let us suppose that the radiators are directed along the x- and z-axes (II,,-- Il, =9), and let 
us consider the cases of transverse and logitudinal magnetization separately. In the first case, 
in view of (14) and (20), boundary conditions (2) become 


Pe=—py (eli, Til, £9), — cil, for 2 ( (23) 


As a result of the substitution of (22) into (23), the following equations are obtained for z = 0: 
QOVd — | ll he 

MMez= = cope theysylimz, -WolLa: = —— — — — sll,., (24) 

Dy sles alee ogee Dahle aa Ul mars tees (25) 


070 c 
40 r 


where Mj, and Mb are differential operators 


if ces 0 oy. ae ee a a 
M,=5>—ik(r4---), Mp=z-——. ee 


In the second case, on the basis of (17) and (21), conditions (2) are outwardly more simple: 


E,. = — pop, 47, Ei — Opps tors — 0. et) 
However, after substituting (22) into (27), we obtain the following equations for z = 0: 
a 7ONe, , le, i ee, CLE ots ‘ (28) 
Ox Ox *—tC« thoy Te:) == Ue ay | Qn Ae a Py nz) , 
ta) OIL, 3. \ oll, , +7, a OM a ‘ OL ik (29) 
oy ( dx | Oz ikpall.:) = PoP2 Be ( Oe OZ ps Tne), 
all tk (30) 


ex OM ns: . 
a on [Mhz = 0, = Oz : thpslT nx == (0) 


Despite the fact that boundary conditions (27) are outwardly more simple than boundary 
conditions (23), the determination of the field for the case of longitudinal magnetization is none- 
theless more complicated than the determination of the field for transverse magnetization. In 
our subsequent discussion, we shall consider only normal (transverse) magnetization. For 
longitudinal magnetization or for the general case, it is necessary to use standard methods 
based on Sommerfeld’s formula for the expansion of a spherical wave and on subsequent anal- 
ysis of the multiple integrals. 

Let us consider first a transverse electric radiator, setting 

nm 43 e—ikry em tkrs a 


rn rg 


Teas Te TL a), (31) 


1/, 2 4 ; ie 9 Ot 9 
r= (re + (—20))", ra= Ot E+5))%, ro= ety, 


where r, and ro are the distances between the point B(x, y, 2) and the points A(0, 0, zo) and 
A* (0, 0, — Zo) (Fig. 3), while the functions ¢, and IIj;: satisfy the wave equation and are regular 


for allz>0. 
From conditions (24), we obtain the equation 
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ewig 


9 /enikrs an 
Myg. = — hoot +25-(——), 2 =— an Soe, (32) 
cy ‘0 


re 


which are correct throughout all space they are regular. Acordingly after eliminating the 


function »,, we find a . Bee's} 
it aa Be « 
WD = 20 tks Oz ( = ) ‘ 
M = MM, —(iks))? = 
; (33) 
o Th) 1, 
= (g — ths) (ge — the) 
where p, and po are the roots of the characteristic equation 
1 2 ‘ 
—(r+—+£)\p+1=0; (34) 


Rp See ae ad ee ee 
Ties se 4)"). 


Because of the absorption, p, and po are always complex 
quantities. As shown in [4], (see BIeS [2], [5]), Equation (33) 
must be extended analytically to the complex plane z = z, — iz; 
to avoid the appearance of free solutions. The complete solution 
to this equation which will satisfy the wave equation can now be 
determined from the contour integrals 


Zz 


dt — prettz | dg) 
+100 ub +ioo 


: ? (35) 


e (pat *5) 


4 nee a 
Wo. = 2soik Bree ( e MPS TT) 
ne Si pee 

v 


7 


Fig. 3. 


(72 = (7) — (6+ z,)2)”), in which the lower limit of integration is 
equal to icc for Re p,»<0, and to ioc for Re p,,. >0. 
Let us now use second equation of (32) and also Eq. (31). We find 


Tr ge thhs eikrs 2 fui 6 eiktasS+r, ) 
Ree 1 ee EN pik Dae \ - a 
ez ry i re i = (ih Pi (P: ~) e 1 \ A dé 
=i00 i (36) 
: ae % ikl pat-+ry) 
— itkpy _ —s +) etkpe \ SS dt) : 
P r 


+100 2 


Suppose now that we have a transverse magnetic radiator, for which we assume 


—ikr; ea ikr, 


(2) (2) é ; 
me = ’ Ihe = 1 rs — Om, (37) 
2 = mr = 0, 


where II: and @n are regular functions satisfying the wave equation for all z >0, Conditions 
(24) lead to the equation 


(2) a a oe tkre 
MIIe7 => 2tkP So Fy (——) 
M,II®) = — ikpysom, (33) 
from which we find 
2) 5 e tkry —ikr, 
Meo . 
ry re 
Zz Fi Eas 
OE ye gy). eh piS+r, ) 
r ikp,z \ 
Pi— P2 Pi(P r ) er r. at 
+ico 2 
8 cikps € ea ikot tr») dt 
pa(pi—r—Letime (| EMPEY ey 
: tioo Ts (39) 
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The fields of longitudinal electric and magnetic radiators are determined in exactly the 
same way. Thus we have the following equations: 


(3) 
(3) 2) 3 : oll 
Tex = Une, Une = —Um, WP =— 7 —™, I) =0, ao 
(4) 
(4) __ (2) (4) (1) 4) 4 4 ol 
Tex = — Ile, i= lees inh, = 0, i ikpoSo ae ’ (41) 


' where I<”, I1;?, and I<’, I are the Hertz vectors corresponding to the electric and magnetic 
longitudinal radiators. 

When these formulas are used, it should be remembered that r and g are small quantities 
for a plasma and that they determine the order of accuracy of boundary condition (23). At the 
same time, from (14) and (34), it is easily established that 


¢ nina 1* (Gs 7 y(t ae (42) 
= my + ny ; 


Piz 


Hence, it is seen that p; is of the order of the quantities n, and no, which are large in modulus, 
while po is of the same order of smallness of the quantities r and g. Therefore to maintain the 
Same accuracy in Eqs. (35), (36), (39), (40) and (41) as in boundary conditions (23), it is neces- 
sary to use the following expansion for large | p, | : 


rou 


—ikp, \ e—tkpS—2)U) (r,, 6)dC =U (ry, 2) + noe (43) 
1 00 


3. REFLECTION EQUATIONS AND ATTENUATION FUNCTIONS. 


The definite integrals appearing in (35), (36) and (39) for the Hertz vectors are of the same 
form as for the special case of propagation of radio waves above a semiconducting earth. Con- 
sequently the same approximate methods for the analysis of the propagation of radio waves [2] 
can be used to obtain refraction equation and attenuation functions in the given problem. For 
this purpose, let us consider the integral 


ue - f 
eo (p+, ) 


F= ikpetkrz : (44) 
+100 2 
Forming the substitution of variables €— z= v1 in (44) we obtain 
0 p—ik(pt+ry) (45) 
F = ikp \ re 
4 rs 
+100 


where we have for 7, in accordance with Fig. 3 
(7,)? = 72 + 2ret sin tp + v? (¥ ake, mee 8) : 


The expression under the integral in (45) decays exponentially ast — ttioo.., Therefore, 
for an approximate computation of (45), we can say 


, 3 Stee 
py Ali => EV ee cos’, 


After which we obtain for F 
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b 0 
: oe ikre . ; : sf n : 
Fr ikp = \ e—ik((p+sin ¥)7-+cos U(7/2”2) de, (46) 


+ico 


In the case of high corresponding points, we can take cos*p~0. Then, from (46) we find 


—itkr» 
~ ig g : i 
Be p-+sin»p ra (47) 
This expression converts (35), (36), and (39) into the reflection equations. | 
—ikr —ikr j —ikr, | 
()) ee 5 (1) ¢ ° a) 4 pe) 2 
ITD: “Ea ry Tes T2 ’ INE 20 ve re ’ | 
(48) 
Py i . | 
- ew tk etre 3 ew thre 
Tyne = ——— + Rr’ AL pipe Se 
1 r2 T2 


where the coefficients of reflection are defined by Eq. (15). 
Let us now examine another limiting case, when cos’ p = 1, i.e., z= 7% = 0, sinp=0, 1 =e 
=r). Setting 


we can transform (46) in the form 


x /2 
—ikry , 3 . 
F=L()+—, L (a) = — 2a're-* | WU, 2=—+ phn. (49) 
+i0o 


Let us substitute (49) into (35), (36) and (39) (after dividing by 2). We then find 


ne = <"ye, ne Sy, 
» 0/0 
(50) 
Te ee al 
To ro 
where V, and V,, are the attenuation functions, defined by the equation 
(a) 1 4 ni 
a , | Pi— P2 ((p, ~) L (a) (p. ~)L (72)) 3 
V2 se vy rw’ So (L (x) ie (x»)) (210 = 2 ( )) 
Pi— Pa : a 1,2 = ©\Pi1,2)), (51) 


Ve ad i 123 — ((p: i \L (#4) (ps i e \L (7,)) ; 


r 


Here the dimensionless quantities x; 5 can be regarded as ‘‘numerical’’ distances in the gyro- 
tropic case. i 
If 7,,.|S>1, it is easily shown that 


-h@y= =e ae 
by integrating by parts. In this Cae, we obtain the following asymptotic equations: 
pls amen eas aN 72) = Bg re) 
¢ are? Ve a pe eT a (52) 
7A) oe eee CET Soir ea ; 
Vir - ae u (Zo = — tkr,), 
These show that in the gyrotropic case the field intensity decreases as r-*, i.e., in the same 


way as in an isotropic absorbing surface. Let us also note that in the general case expression 
(46) can be transformed into a form similar to (49). 
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ASYNCHRONOUS OSCILLATIONS 
IN SELF-EXCITED OSCILLATOR WITH TWO DEGREES 
OF FREEDOM IN OVERVOLTAGE OPERATION 


A. N. Bruyevich 


The report discusses overvoltage operation in an asynchronous oscillator with two de- 
grees of freedom. It is considered that overvoltage operation derives from the screen grid 
and does not affect the value of bias. Dependence of amplitude of oscillations on circuit 
parameters is discussed. It is noted that frequency jumps are possible with a change in 
resonance resistances of tuned circuits or in feedback factors. 

It is show that, due to overvoltage operation, there appear in the parameter planes new 
regions in which single frequency or double-frequency oscillation may occur, depending on ~ 
the initial conditions. 


INTRODUCTION 


The processes occurring in asynchronous self-excited oscillators with two degrees of 
freedom upon the onset of overvoltage operation were not studied until the present time. The 
author has succeeded in conducting such investigation with approximation of the anode and 
grid currents in straight line segments. Based on reference [1], this investigation dealt with 
the forming of pulses of anode current of a tube in overvoltage operation from peaked pulses, 
which permits reducing the expression for the mean transconductance of the anode current in 
overvoltage operation to the algebraic sum of the mean transconductance of the peaked pulses 
as discussed in detail in [2]. The present work is a continuation of [2] and permits study of 
those regions of the parameter plane and the plane of amplitudes which [2] included in the 
overvoltage condition. In addition, a number of new phenomena are noted. 


1. MEAN SLOPE OF OVERVOLTAGE OPERATION 


The initial equations are the equations for slowly varying amplitudes and the equation for 
a circuit with lagless self-bias and have the form (notation is the same as that used in [2]) 
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dU; 
at 


rT; 


+U;=Rile gaa, t= 4,2; (1) 
Ee = — Leon fe. 


Using the method of double Fourier series, we shall examine the derivation of the fre- 
quency dependence of the first harmonic of the anode current of the i-th tuned circuit I,~i, i 
on amplitudes at the grid Uj and the bias voltage Eg. 

The total voltage at the grid and anode of the tube may be represented in the form 


e. = E, = U, cos a,t + Uz cos Wot = Ey + U, cost, + U2 cos Tt, (2) 
€g = EL, —U 4, c08S T, — Ugn COS Te. 

Considering one of the voltages (e.g., at the second tuned circuit) to be constant, we ob- 
tain for the voltages at the grid and at the anode 


eo = Eq +U cost, @ = Ha, — Ua 608%, (3) 
as long as it is established that 
Ba = Eo + Ugc08 Ts, Lay = La — Uae C08 To. (4) 


Shaping of the anode pulse upon the action of the voltage of (3) at the grid and anode was 
discussed in detail in [1]. We will note only that this pulse has the form shown in Figure 1 
(heavy line). It is not difficult to see from Figure 1 that the pulse may be ‘‘constructed’’ from 
four peaked pulses. 

Accordingly, the analytical expression for amplitude of the n-th harmonic of plate current 
has the form 


Un = 5S (U1— DU a1) Yn (80) — S (Uy — DU ar) (81) = Sl arn (01) + SU ar n(62)- (5) 


Here, as in reference [1], S is the transconductance, S, is the transconductance of the line of 
critical operation, 7, (9) is the coefficient of expansion of the n-th harmonic for a peaked 
pulse. 

If, in accordance with [1] , we designate S,/S= v +D and recall that for a self-excited 
oscillator with grid and anode voltages are related by the coefficient of transformation 
k (k= U,g)/U,, the reciprocal of the feedback factor), then (5) 
may be presented in the form (for the first harmonic) 


1, = SU, ((1 — Dk) ¥1 (8%) — (4 + vk) 11 (81) + veers (65)1- (6) 


It was shown in [1] that the expressions for the cosines 
of the cutoff angles have the form 


a Eqy—By—(D+WE 
cos§, = — - re ae a— ec mil 
FE a : Peer tee 7 
iD (7) 
COS\0s1——) yams 


Now let us recall that the grid and anode voltages of the 
tube vary with the frequency of the second tuned circuit (4). 
Herein all three cutoff angles become variable in time and 
the cosines of these angles behave as instantaneous dimen- 
sionless voltages acting on the expansion coefficients of the 
peaked pulses of anode current (for each of the pulses these 
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Figure 1. Shaping of anode coefficients serve as modulation characteristics). From (4), 
current pulse in overvoltage expressions (7) for the instantaneous values of the cosines of 
operation. the cutoff angle may be given in the form ; 
cos 8; = y¥; — 2, c08t%., t= 0, 14, 2, (8) 
where 
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Expressions yj and xj in (8) are dimensionless biases and the amplitude of the voltages 
acting on the modulation characteristics of peaked pulses. 

Now, in order to obtain I,, (harmonics of anode current with frequency of the first tuned 
circuit) expression (6) must be averaged over time, taking into account that, in accordance 
with (8), the cutoff angles vary with the frequency of the second tuned circuit. 

Introducing the mean transconductance S,, equal to the ratio of the amplitude of the first 
harmonic to the amplitude of the corresponding oscillation, we obtain 


Ty Se {-- Vii —— (CDS GN aan 
ood Day to) ge, 12) ee 12) (10) 


The line over the expansion coefficient signifies averaging over time T2. The first sub- 
script in the expression for mean transconductance S,, denotes that this is the mean trans- 
conductance for the frequency of the first tuned circuit and the second subscript indicates that 
the case under discussion is that in which U, >U,. If it is necessary to plot the mean trans- 
conductance for the case where U, >U, (i.e., Si, ), then, as in [2], we first average the plate 
current pulse for the frequency of the second tuned circuit (that is, in (2) we first obtain the 
voltage U, cos t, ) and then we isolate oscillations at the frequency of the first tuned circuit. 
We then obtain 


i 2 Mee, AE i ee a DE Vk ae 
a PE) a, ON) eas O01 = ae) (11) 


where the wavy line over the expansion coefficient indicates isolation of the first harmonic 
for the frequency of the first tuned circuit. The expressions for the instantaneous values of 
the cosine of the cutoff angle have the same form as in (8) and we obtain the values of dimen- 
sionless bias yj and amplitude x; from (9) by changing the positions of subscripts 1 and 2. 

As already stated, 7, (8:) are the expansion coefficients for the peaked pulse and aver- 
aging and isolation of the first harmonic for this expansion coefficient were performed in [2] 
in investigating undervoltage operation. It was shown in [2] that 


a 
11 (0:) = Sua (i, Yi)» To (Oi) = Ste (i, ys), See) 
where S,, (xj, yj) and S,, (xj, yj) are the dimensionless mean transconductances of undervolt- 
age operation. Hence, from (10) and (11), with consideration of (12), we obtain 
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a i; 79) k 
Sy, = Sy, (%; t= at (21, Ys) + OE Ss (te Yo), (13) 
1 k _ (D+ yk 
Sio = Si2 (Xp; Yo) — FE Sv (ey ¥1) + Cae Sy2 (2, Yo) (14) 


Thus, the mean transconductance of overvoltage operation is a linear combination of the 
mean transconductances of undervoltage operation from different arguments. This is due to 
the fact that the current pulse in overvoltage operation was constructed as the algebraic sum 


of the peaked pulses. 
Since the boundaries of overvoltage operation (signifying, also, the boundaries of applica- 


bility of formulas (13) and (14)) depend on the type of bias, we shall determine them for the 
case of automatic grid bias. 


2, OVERVOLTAGE OPERATION WITH GRID BIAS 


Let us plot mean transconductance as a function of bias for the case of overvoltage oper- 
ation. We begin by noting that the second of the equations in (1), describing the state of the 


801 


self-bias circuit, remains the same as in [2] (the screen grid circuit is the overvoltage 
condition); hence, its solution (dependence of bias ye= -Ec/U1,5 on the amplitude ratio 

x =U,.,/U,.. and on the bias factor RgS,) remains the same as in [2]. This solution, repre- 
senting the detector characteristic of the grid circuit, si shown in Figure 2. It may be seen : 
that the bias increases relative to one of the amplitudes yj = Ej/U,,, both with an increase in 
the secondamplitude x =U,,,/U,,. and withanincrease in bias factor ReSe, which has obvious 


significance. With ReSg = cowe obtain a peak detector. 
Let us now turn to plotting [2] the dependence 


Y, 
rae of the mean transconductance on the bias. We 
BEE AG echhe aoe Gan shall show that it is a function of two variables 
08 (dimensionless geometric bias y) and the ratio 
te of amplitudes x,) and a certain number of cir- 
cuit parameters. 
fs In fact, from (9) it is not difficult to find 
at that 
nye” ens Ly == UU, Le = KeXo, 
“21 Yr = %Ye— BiYo, Yo = %2Ye — BoYo, (15) 
Figure 2. Detector characteristic where the parameters, independent of time, 
of grid circuit. are 
we, — Lo Dh 1 + vies % _ 1—Dhk vke _ t=Dn V+) E, S, 1—Dk, (V+ D)E, 
a Tee? AS SID Tay, 2h ee == WD) ki eT (16) 
f _1—Dk, | (VP) 4, Hl _ 1—Dk, (V+D)E, 
Ske WB Gees » Bs Way kame ee 
and 
E, 
Ug =e Te 


For a pentode we may assume D=0, which considerably simplifies equality (16). In this 
case all six parameters may be expressed intermsof three, namely, vik,, vk, and vE,/—E,.. 

If, in addition, we assume that bias ye depends on the ratio of amplitudes x, and bias fac- 
tor ReSe, then it develops that the mean transconductance of overvoltage operation is a func- 
tion of two variables and four parameters (we omit zero in yo and x)) S(vk,, vk,, VvEa/— Eo, 
RoSo, Ys ¥)- 

Let us turn to an evaluation of the boundaries of overvoltage operation. We note that in 
the case of self-bias, for an increase in intensity of operation it is necessary to increase the 
geometric bias (-Eg+ Eg). This is because an increase in bias in this case (with constant 
ReS¢) is possible only by increasing the voltage amplitude at the grid (meaning also the anode), 
which increases the intensity of operation. Thus, we must find the boundary value of bias yhq 
at which for all y >ybd overvoltage operation will occur. Let us first find the boundary of 
low-overvoltage operation yj pq (two cutoff angles) and then the boundary of high-overvoltage 
operation y2bd (three cutoff angles). For this purpose let us examine Figure 1, from which it 
is evident that overvoltage operation occurs at the moment when tangency of the sinusoid 
occurs, It is obvious that the maximum probability of tangency exists at that moment when all 
four voltages have peak amplitude values, that is, when cost, = cost,= 1. With this in 
mind, we obtain from (8) for the boundary of low-overvoltage operation y, —z,=1 or, from 
(15) 

HY, (RYS,, %)— mae —1 


Yibd B, : (17) 


In precisely the same manner, for the boundary of high overvoltage operation we obtain 


td A2Ye (RSo, L) — xXx —1 (18) 


Yobd Bs 
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Thus, calculating from (16) the values of the circuit parameters, we may for each given 
value of x find y; hq and y, pg. Fory<y, bd Operation will be undervoltage; for yi bd<y <y2bd 
operation will be low overvoltage (9, = 0), and in order to plot the mean transconductance it 
is sufficient to use the first two terms of (13) or (14); for y >ys pq operation is high over- 
voltage and it is necessary to use all three terms. 

It is still necessary to indicate the limits of applicability of such a plot. For this pur- 
pose we again refer to Figure 1. Since the voltages at the anode and grid of the tube vary 
with the frequency of the second tuned circuit, we shall attempt to follow these changes. For 
example, let the anode voltage Eg be reduced and the grid bias Eg be increased; this may be 
' represented as that moment at which the cutoff angle 9, first becomes equal to and then 
greater than angle % . In an actual circuit at this moment the anode current will be zero, 
whereas our method of plotting the plate current pulse yields no pulse equal to zero. Hence, 
for those values of bias at which 6, may be greater than 6) our plot will not be accurate. 
Mathematically it is required that > 0, , that is, cos %< cos 6, or, with consideration 
of (8), 


Yo — Lo COS Te K Yy — Ly COS TM. 


Inserting (15), we obtain for the critical value 


OY, (RS, 2) —2|1—%y 


Gice 1+8B ? 


(19) 


where |1—~x,| is the modulus of the expression 1 — x,. 

Ify>y,cr , at certain moments in time it will happen that 6,>6,. In this case the mean 
transconductance of overvoltage operation cannot be represented in the form of the sum of the 
mean transconductances of peaked pulses, for it is necessary to introduce new terms con- 
sidering that our plot does not give for these moments a zero anode current. 

If we further increase the bias (meaning, also, the amplitudes), it is then conceivable to 
have a condition where at all times 0, >0, . This means that the tube will be cut-off at all 
times and the mean transconductance will be equal to zero. For this purpose it is sufficient 
that cos 8 > cos8@, , that is, 


Yo — Lo COS Tz > Yy — Zs COS Te 


or f, 


HY, (RoSos xv) + a2|1— | 
Y2cr = 1+8 g 


(20) 


Thus our plot is inaccurate for y; er <.Y¥< Yo er; however, for identical coupling coeffic- 
ients k, =k, both these values coincide: y: cy =Y. cr, Since in this case x, = 1, that is, our 
method of plotting is accurate for any changes in y. Hence, for reasons of simplicity, we shall 
examine the case kj =hk.. 

We may now. plot the mean transconductance of overvoltage operation. This is most 
simply done in the following manner. For the given circuit let us find all parameters not de- 
pending on time as given in expression (16). We assign a value of ReS¢, for the given ratio of 
amplitudes (x); we find the value of grid bias (yc) (Figure 2), and from formulas (17) and (18) 
we determine the boundaries of overvoltage operation. We then assign a value of geometric 
bias (y) and by means of (15) obtain xi, yj (i=1, 2). From the plots of mean transconductance 
of peaked pulse [2] we select the values of S,, (Xj, yj). Combining these values in accordance 
with (13), we find the value of S,, for overvoltage operation. In the same manner we deter- 
mine S,, (using the plots for S,, (xj, yi)). Mean transconductances plotted in this manner are 
shown in Figures 3a and 3b. The following parameters were adopted as the basis of calcula- 
tion: Eg = 400 v, E,.= 150 v, Eg= -14 v, S=9 ma/v, S, = 2.3 ma/V, ReSe= 00, 4 =": — 5. 

Let us examine, for example, the curve for x= 1 in Figure 3a. For values of y< 0.95 
overvoltage operation occurs andthe curve isthe same as that given in [2]. For 0.95< y< 1.1 
operation is low overvoltage and the curve falls rapidly (downward inflection); for y> 1.1 
there appears a second cutoff angle and the curve begins to drop more slowly. The shape of 
the curves with other values of parameter x is the same. 
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For curves corresponding to the second form of 
entry (Figure 3b) it must be noted that with small 
value of x (when the amplitude of oscillations in the 
second tuned circuit is much greater than the am- 
plitude of oscillations in the first tuned circuit) nega- 
tive values of meantransconductance may be obtained 
(for example, curve x =0 in Figure 3b). 

For explanation of this, let us make use of the 
fact that, with U, = 0, 


qT 


I Vey ae 
Sip = PP = FS \ fo (Bo + Ui cos t, U,)costdt 5=% a0,” 


0 \ 
where I, is the direct component of current for fre- 
quency ofthe second tuned circuit (for proof we note 
that with U,— 0 we obtain the indeterminate form 
0/0, which we evaluate by L’Hospital’s rule and 
arrive at the above statement). This indicates that 
the mean transconductance depends on whether the 
direct component of current for frequency of the 
second tuned circuit increases or decreases with an 
increase in amplitude of oscillations in the first 
tuned circuit. Referring to Figure 1 (now Eg and Eg 
vary with the frequency of the first tuned circuit), 
we see that with an increase in amplitude of oscil- 
lations of the first tuned circuit angles 9%, 9, and 
§,, increases; hence, it is possible that the area de- 
limited by the anode current pulse will increase or 
decrease. Since the zero component is proportional 
to this area, the mean transconductance may be 
positive or negative. Thisis quite clearly seen from 


Figure 3. Mean transconductance Figure 3b (curve x= 0). 
as a function of bias voltage: Thus, for y<.0.65S;, >0 andfor y >0.65 S,, < 0, 
a) large amplitudes in first tuned which confirms the above remarks. 


circuit; b) large amplitudes in sec- 
ond tuned circuit; dashed line, 
curves neglecting overvoltage op- 3. INVESTIGATION OF STABLE STATES 
eration. 
Assuming in stable operation that dU;/dt = 0, 
we obtain from (1) for the steady-state solution eq- 
uations for the principal isoclines at the plane of amplitudes (the second subscript for the 
mean transconductance is omitted since it is unimportant which amplitude is greater): 


U,|Si(@, W—ye| =O. (21) 
CARS (x, y)— as | =10) (22) 


Let us plot the solution of (21) and (22) by the same method used in [2]. We will recall 
that this solution is to be sought as the intersection of curves (21) and (22). Plotting of each 
curve (e.g., for (21)) is performed as follows: the amplitude ratio (x) is given and from it for 
a given R,S we find the geometric bias y, which is the abscissa of the point of intersection of 
curve S, or S,, (in Figures 3a and 3b) and the straight line extended at the 1/R S level. 


Then the bias ye for the given R,S¢ is found from Figure 2. After this we find the amplitudes 
from the formulas 


Ui. Se ee! Us, a U 
ay Yo—y’ ar ane op (23) 


aa Such a plot is given in Figure 4 (boundaries of the low- and high-overvoltage states are 
indicated by dashed line), The curves for overvoltage operation are compressed compared 
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with the corresponding curves for undervoltage operation and the curves extending to infinity 
vanish. Let us also note the following important fact. In undervoltage operation (for RiS > 2) 
the quench amplitude is greater than the amplitude of free oscillation (curve for R:S =3 in 
Figure 4). In overvoltage operation, for sufficiently large R,S (R1S>8 in Figure 4) the am- 
plitude of free oscillations is greater than the quench amplitude. This fact must be emphasized 
since it is of great importance in investigating the stability of double-frequency oscillations. 

The curves in Figure 4 describe the behavior of a self-excited oscillator in the presence 
of a special form of external signal acting simultaneously on the anode and grid but out of 
- phase by a ratio proportional to the coefficient of transformation. 

Let us examine in detail one of the curves in Fig- 
ure 4, for example, the curve for R,S = 9. With an 
increase inU, there is a decrease in U,. At first this 
is a gradual decrease, but subsequently it occurs more 
rapidly and for U,/— EF, > 4.5 there occurs abrupt ex- 
tinction of oscillation. We note also that for those 
curves where the function U,(U,) is no longer single- 
valued (e.g., RyS= 20) the upper portions of the 
curves correspond tu the stable state. Thus, for 
R,S =20 the portionU,/-E, >1. If U, exceeds a cer- 
tain boundary value (for R,;S = 20 U,/-E; >5), inter- 
ruption of oscillation occurs and at the moment of 
interruption the amplitude has a finite value. With a 
decrease in U, oscillation does not occur until U, 
reaches the value U,/— E, > 4.75, after which oscilla- 
tion immediately occurs with large amplitude. Thus, 
in a self-excited oscillator with one degree of free- 
dom, in the presence of external asynchronous action, 
hysteresis phenomena will be observed. 

Now let us plot the solutions of Eq. (22), which 
may be obtained from (21) by changing the coordinate 
axes. This is possible in our case because the feed- 
back factor is identical for both frequencies. The 1 2 oh 5 U, 
intersection of the curves plotted for Eqs. (21) and Se ee tee “A 
(22) gives us the points of stable operation. The pos- 
sible types of such points are shown in Figure 5a-5g. 


The arrows in this figure indicate the field of direc- Figure4. Principal isoclines of amp- 
tions of the integral curves of equation (1), from which litude planes: 
we are able to evaluate the stability. dashed lines, boundaries of low- and 


By varying the regeneration of one of the tuned 
circuits (for example, ofthe first R,S), with unchanged 
regeneration of the second tuned circuit (R,.S), it is 
possible to proceed from the change in position of the 
singular points (that is, we may plot the dependence of oscillatory amplitudes on regeneration 
of the tuned circuits). Such dependence is plotted in Figure 6a-6e, where log RiS is given on 
the abscissa axis. Each plot in Figure 6 represents the dependence of oscillatory amplitude 
on regeneration in a self-excited oscillator with one degree of freedom (curve of free 
oscillation). 

Since Figures 5 and 6 are thus related, we shall examine them together. 

1. R,S =3. The nature of the change in amplitude of oscillation with a change in regene- 
ration of the first tuned circuit R,S is seen from Figure 6a. This change may be observed 
also from Figure 5a by displacing the dashed curve in accordance with the change in R,S. 

Figure 5a shows several dashed curves, which, with an increase in R,S expand, as it 
were, from the coordinate origin. 

The stable singular points are nodes (indicated in Figure 5 by Y) and the unstable points 
are saddles (C). At small values of R,S (until the solid curve embraces the dashed curve) 
instead of saddle C, there will be a node Y;, that is, oscillations will occur in the second 
tuned circuit. With an increase in ,S oscillations will occur in the first tuned circuit; their 
amplitude will increase and the amplitude of oscillations in the second tuned circuit will de- 
crease (points V’, V{, V\’). At large values of R,S oscillations will exist only in the first 
tuned circuit (point Y’”). This is typical of the undervoltage condition. 


high-overvoltage operation; dash-dot 
line, curves disregarding overvoltage 
operation. 


805 


Figure 5. Location of singular points and behavior of integral 
curves of equation (1): 


dashed line, solution of equation S,(x, y) =1/R,S; solid line, 
solution of equation S,(x, y) =1/R2S; Y, singular point of node 
type; C, singular point of saddle type. 


2. R,S=5. Qualitative distribution of the principal isoclines is shown in Figure 5b. The 
nature of the change in the dashed isocline is the same as in Figure 5a, that is, with an in- 
crease in RS it expands from the coordinate origin. However, in this case there appear two in- 
tersections at the center (points C, and Y in Figure 5b). Now it is not difficult to plot the am- 
plitude of oscillationas a function of R,S. At first it is the same as with R,S =3 (Figure 6a). 
However, this will be the case until singular points C, and Y, in Figure 5b coincide (in Fig- 
ure 6b this corresponds to log R,S=1.0). At this moment there occurs extinction of oscilla- 
tion in the second tuned circuit and the amplitude of oscillation in the first tuned circuit 
increases to the amplitude of free oscillation (the jump at point Y, in Figure 5b). Witha 
further increase in R,S (log R,S >1) free oscillations occur in the first tuned circuit. If 
R,S is now decreased, free oscillation will occur in the first tuned circuit until points Y, and 
1 in Figure 5b coincide; in this case (log R,S=0.9) there occurs a jump from point Y, to 
point Y,. As a result there is observed a sharp drop in amplitude of oscillation in the first 
tuned circuit and the commencement of oscillation in the second. Thus, we see that, in dis- 
tinction from the case of undervoltage operation (R,S = 3), in overvoltage operation (critical 
operation with log R,S =0.82) hysteresis phenomena are observed. 

3. R,S=8, 9, 25, This is the most complex case. The oscillator is constantly in the 
overvoltage state. The corresponding amplitude plane is represented in Figure 5f. The 
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number of singular points is now six, three of which (V1, ¥,, and ¥,) are stable and three of 
which (C, C,, and C,) are unstable. 

Depending on the “‘microstructure”’ of the principal isoclines, three subcases of ampli- 
tude behavior with a change in R:S are possible. We shall examine these individually. 


R,8=3 
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| R,S=9 Ry $=25 


LJ 
Q2 a4 06 a 10 2 [4 lgh,s O2 Qs 06 06 (0 42 {4 \gkS 
e 


Figure 6. Amplitude of oscillation as a function of regeneration 
of the first tuned circuit. 


3a. R,S =8. The dynamics of change in principal isoclines are shown in Figure 5c and 
the amplitude curves are shown in Figure 6c. As long as the solid curve embraces the dashed 
curve oscillations exist only in the second tuned circuit (point Y,;). With an increase in R,S 
the dashed curve expands and there appear two (C,, Y,) and then three (C’ , Y,, C,) points 
of intersection of the dashed curve with the solid isocline. However, until points 2 and Y, 
coincide oscillation occurs only in the second tuned circuit. The microstructure of the 
principal isoclines is such that at the moment of €oincidence of points 2 and Y; there exist 
two intersections (points VY” C’,) of the dashed and solid isoclines; hence, from point Y3 
there occurs a jump to point Y; (with log RS = 0.78 in Figure 6c). This jump indicates a 
sharp drop in amplitude of oscillation in the second tuned circuit and the appearance of 
oscillation in the first tuned circuit. A further increase in R,S (from the value log R,S= 0.78) 
leads to coincidence of points VY, and C,” (at log R,S =1.14 in Figure 6c) and a jump to 
point VY, in Figure 5c. Moreover, free oscillations occur only in the first tuned circuit. If 
(at log R,S >>1.4) we begin to decrease R,S, these oscillations continue until the moment of 
coincidence in Figure 5c of points Y, and 1 (in Figure 6c with log A,S =0.94) and the jump to 
point Y,. As a result, oscillations occur in the second tuned circuit and there is a sharp 
decrease inamplitude of oscillation in the first tuned circuit. Afurther decrease in R,S (from 
log R,S = 0.94) leads to coincidence in Figure 5c of points Y,C, (at log R,S = 0.57) and a 
jump to point Y, (oscillations occur only in the second tuned circuit). Thus, in this subcase 
(Figure 6c) there are two regions in which hysteresis phenomena are observed. 

3b. RS =9. The specific dynamics of the isoclines for this case are shown in Figure 5d 
and the amplitude characteristics are given in Figure 6d. Oscillations exist in the second 
tuned circuit until, as in Figure 5d, points 2 and Y, coincide (at log R,S= 1.4 in Figure 6d). 
The microstructure of the principal isoclines is such that by this moment there are no inter- 
sections at the center (the upper dashed curve in Figure 5d); hence, there occurs a jump 
directly to point Y,. This indicates that oscillation in the second tuned circuit ceases and in 
the first tuned circuit attains the amplitude of free oscillation (see Figure 6d). If R,S is fur- 
ther increased (log RS >1.4), then, as in subcase 3a (R,S = 8), oscillation occurs only in the 
first tuned circuit and, with a decrease in R,S, there at first arise double-frequency oscilla- 
tions (in Figure 6d, with log R,S =0.94) and then single-frequency oscillations in the second 
tuned circuit (in Figure 6d, with log R\S= 0.6). If upon decreasing regeneration RS to the 
value log R,S —0.94 (the moment of occurrence of double-frequency oscillation) it then begins to 
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increase again, at log RS =1.2 (Figure 6d) in Figure 5d there occur coincidence of points 
C, and Y;, a jump to point Y,, and single-frequency oscillation in the first tuned circuit. 

3c. RS = 25 (Figure 5e and 6e). In this subcase the structure of the principal isoclines 
is such that in Figure 5e points 2 and Y3 do not coincide even at R\S = oo. This indicates that | 

oscillation in the second tuned circuit cannot be extin- | 

i guished by any change in R,S (this condition corresponds to 
the horizontal straight line U,/— £; in Figure 6e). If 
oscillations exist in the first tuned circuit (point Y,), then 
16, with a decrease in R,S coincidence of points Y, and 1 
occurs and there is a jump directly to point Y;, that is, 
oscillations occur only in the second tuned circuit since 
the microstructure of the principal isoclines is such that 
at the moment of coincidence of Y, and 1 intersections no 
or longer occur in the central portion of the isoclines (in 
Figure 5e, points C; and C,). 

Thus, we conclude that if single-frequency oscillations 
exist in any of the tuned circuits in a system, it is not 
' possible in this case to obtain double-frequency oscilla- 
go 6 08 2 6 LOGS ~—s tions by changing R,S. However, in this case there is a 

region in which double-frequency oscillation occurs 


Figure 7. Segmentation of (1.24 <log R,S<1.56 in Figure 6e). Ifwe are dealing with 
parameter plane according this region, the behavior of the amplitudes with a change 
to the nature of oscillations. in R,S will be the same as with double-frequency oscilla- 


tion in the case in Figure 6c. 

4. Figure 5g. R,S =75. The number of singular points is decreased to four. Upon co- 
incidence (Figure 5f) of points C,, and Y,. and C, points C, and C, impart to point Y, its 
instability and within the system there is possible only single-frequency oscillations in one or 
the other tuned circuit, depending on the initial conditions. 

Now, by using the curves of Figure 6a-6e, we may perform segmentation of the param- 
eter (log R,S, log R,S) according tothe nature of the oscillations (Figure 7). For this purpose 
let us choose a definite value of R,S and in the parameter plane (Figure 7) let us draw a 
horizontal line at the corresponding level. Using Figures 6a-6e, let us divide this line into 
segments corresponding to the different nature of oscillations. By joining the ends of the 
corresponding segments, we obtain the segmentation of the parameter plane. 

The results of this segmentation are shown in Figure 7. Several regions are apparent 
therein: 1) single-frequency oscillation in the first or second tuned circuit, depending on the 
initial conditions; 2) oscillations in the first tuned circuit; 3) oscillations in the second tuned 
circuit; 4) double-frequency oscillations; 5) double-frequency oscillations or oscillations in 
the first tuned circuit, depending on the initial conditions; 6) double-frequency oscillations or 
oscillations in the second tuned circuit, depending on the initial conditions; 7) oscillations in 
either of the tuned circuits or double-frequency oscillations, depending on the initial condi- 
tions; 8) single-frequency oscillations in either of the tuned circuits, depending on the initial 
conditions. 

For the sake of comparison, Figure 7 includes a dashed curve indicating segmentation 
of the parameter plane in the case where the overvoltage condition is not considered. We see 
that with consideration of overvoltage operation the region in which double-frequency oscil- 
lation is possible is finite in value and, in addition, is broken down into several subregions 
(4-7), of which only subregion 4 is marked by unconditional existence of double-frequency 
oscillations. 

This report was prepared under the direction of S. I, Yevtyanov, to whom the author ex- 
presses his sincere thanks for great assistance in the research and in reviewing the manu- 
script. 
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DECOUPLING OF TWO CLOSELY-SPACED REFLECTORS 
B. Ye. Kinber 


Different types of coupling between large reflectors (between radiators, through one rim, 
through two rims) are analyzed on the basis of the geometric theory of diffraction. 

Formulas are derived for calculation of different types of coupling and the frequency re- 
lationships of these couplings are analyzed. 


INTRODUCTION 


The transition loss 7 (or coupling coefficient) between closely-spaced antennas is of 
great practical importance in all fields of application of antennas in the microwave range. 
Unfortunately, this factor has been investigated only in dipole antennas (reference [1]), that is, 
antennas with low directivity. 

The present report discusses the coupling between closely spaced reflectors, the dimen- 
sions of which are considerably greater than a wavelength and also the coupling between 
radiators separated by reflectors of finite dimensions. It is assumed that the antennas are so 
located that their ‘‘principal’’ rays are not aligned and the coupling between antennas is a 
weak and stray phenomenon. 

The present report does not consider the stvong coupling existing when a large part of 
the energy radiated by the transmitting antenna (wireless radio transmission lines, periscopic 
antennas) must be received by the receiving antenna. 


1. GENERAL FORMULA FOR COUPLING BETWEEN ANTENNAS 


As was shown in reference [2], if we do not consider multiple reflections (diffraction) of 
the field between the antennas, the power received by antenna I (Prey) may be expressed in 
terms of the field radiated by antenna II and incident at antenna I (Ey]Hyj) and the field radi- 
ated by antenna I during transmission operation (EyHj): 


\ (n, (BE, Hy) ps [E,,H,))) ds 


Pret = a > > > > ? (1) 
4), (Ey Hy) + (By Hip) as 


Sz 


where s; is a closed surface around antenna I (aperture); s, is the surface over which the 
total energy flux is calculated during transmission operation of antenna I, Surface s, may be 
chosen arbitrarily (e.g., transverse to the line of transmission or so that it coincides with s, ). 

The quantity in which we are interested,» , the coefficient of coupling between antennas, 
is the ratio of (1) and the total power radiated by antenna II: 


\@, (2) Hy) — (BH) as) 


s 
= 1 ; ‘ D) 
Piro 16P gy Pow or (2) 
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where 


> 


Pr 1= +) @, (EH) + (E,Ay))) ds; 
. (3) 


Pa n=q\ % (EA yl + (Ly Hy)))ds 
is the total power radiated by antennas I and II; s, is the surface equivalent to s, but for 
transmitting antenna II. 

Although formula (2) is derived only for single diffraction at antenna I, it is shown below 
that it may also be used in considering multiple diffractions between antennas. 

Let us now describe the near field of the antennas in the form of the sum of terms satis- 
fying the Fermat principle (references [3, 4]), that is, terms whose phases are proportional to 
the extreme paths from the antenna radiator to the point of integration at Ss: : 


ae > iky. 

Beas he. 
=F 

= > iky 

Ay —— >}, mS (4) 
n 

= > iky 

(Digerati ee 
™m 


= > ike 
yy = > Dine ys 


‘ta 
Me 
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and insert (4) into (2). 

The common term of the resulting double sum has the form 

| inPnl —[mPabe' ds. (5) 
8 

Its amplitude is a slowly varying function and the phase has a maximum point. Conse- 
quently, for calculation of the integral we may use the stationary phase method. 

It is easily seen (Figure 1) that the maximum + ~m at surface si corresponds to the 
maximum path between the radiators of antennas I and II and that the link of this maximum 
path joining antennas I and II is a segment of line Q intersecting sur- 
face s; at point Y*. In the calculations we shall choose surface s; indi- 
vidually for each term of the series, wherein s, will be perpendicular 
to Q at a point (along the line) of stationary phase. Such choice of s; 
is convenient in that at a point (of the line) of stationary phase Vp, 
and vn are collinear with Qand the vectorsf and® are perpendicular 
to one another and lie on surface s,. 


= { 2 
Din == DiGr [Ahm]; 


®, = lnfal, (6) 


where 2 = 120n is the total resistance of free space and, consequently, 


Figure 1. For 


determination of (2 (fnOm] — Um OD) = — 2 afr): (7) 
the maximum path 
between antennas I In subsequent calculations we may limit ourselves to the first 
and II. term of expansion according to the stationary phase method. With 


this in mind (2) may be written in the form 


1 >> 
igs = >y e 
4P uy er mop = 2 (falm)st 


Myr Y mst y, 


‘ : (8) 
x \ exp {ik [Wn — Vast Une Wm stl} ds}. 


*As is shown below, there may be cases in which », +4, yield not a point but a line of 
stationary phase on s. 
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2. TYPES OF COUPLING BETWEEN ANTENNAS 


As shown above, the formula for coupling between antennas contains the sum of terms, the 
phase of which is proportional to the maximal paths between antennas. Hence, we shall subse- 
quently say more simply that the coupling between antennas is achieved over various maxi- 


mum paths, In this section we shall examine the more important types of maximum paths and 
show how multiple diffractions may be taken into account. 
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Figure 2. Possible types of coupling between antennas. 


The maximum path between the radiators of antennas I and II is a broken line consisting 
of segments of straight lines and arcs belong to the antennas. Part of the links belong to one 
antenna, part belong tothe other, and, finally, there is a common link joining the two antennas. 

Each maximum path is characterized by a number of points of stationary phase of type 
R, H, Sand T (see reference [15] atoneandthe other antenna. For example, the path O-H-H-P 
(Figure 2a) consists of segment O-H from radiator Oto point H on the rim of one antenna, the 
similar link H-P at the other antenna and the common link H-H. The path O-HS-S-S-SH-P 
consists of link O-HS from the radiator to the rim of the first antenna, the link HS-S along the 
rear surface from the rim HS to the point of reflection S at the first antenna, similar links at 
the second antenna, and the common link S-S, 

The indicated chains (e.g., O-H-H-P, O-H-P) do not uniquely characterize the maximum 
paths. Thus, there are four extreme paths O-H-P (see Figure 2b) and 12 maximum paths 
O-H-H-P, Part of those paths may be shadowed (e.g., one of the paths O-H-H-P in Figure 2a), 
that is, along with the maximum path O-H-H-P there exists a maximum path O-H-T-H-P. 

We shall not deal with such paths here, for, in virtue of the condition of shadowing, they 
may be disregarded [4]. 

The types of coupling between antennas depend both on the type of antenna and on their 
relative orientation.* For example, the number of maximum paths O-H-H-P may vary from 
1 to 12, depending on the relative orientation of the reflectors. For reflectors with rounded 
rim the path O-H-P is replaced by O-R-P or O-S-S-P (Figure 2c). 

The above-mentioned extreme paths have corresponded to the maximum ‘ + Pm , have 
contained only one common link between antennas and have defined any term of series (8). 

However, maximum paths are possible which contain not one but several common links 
between antennas and which correspond not to single but to triple, quintuple, etc. diffractions. 
The simplest maximum path of this type is the path O-H-H-P, shown in Figure 2d (three 


*However, the amount of coupling in any case is infinite (to any maximum path there may 
be added the closed maximum path around each of the antennas, consisting of any whole num- 
ber of revolutions). 
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| 
common links) and the corresponding triple diffraction between antennas. It is evident that - | 
contribution to coupling may not prove to be less than that from the above-mentioned paths 
O-H-H-P corresponding to single diffractions, 

Consideration of such multiple diffractions is necessary, since it is generally difficult to | 
determine whether the object of analysis is to be treated as two interconnected antennas or as 
one complex antenna, while the values of coupling in single and multiple diffraction may prove 
commensurate. 

Since there is no difference indescription of diffraction of the primary wave of a radiator 
at its ‘‘own’’ or a ‘‘foreign’’ rim, multiple diffractions may be introduced into the calculation 
be entering the corresponding terms into sum (8). 

Finally, let us discuss the maximum paths for axially symmetrical and coaxial antennas. 
In this case the maximum paths — the path O-H-P (Figure 2e), two paths O-H-H-P (Figure 2f) 
and more complex paths — are conical surfaces. Consequently, coupling in these cases occurs 
not through one point of the rim, but through the entire rim of the reflector. It is natural that 
here there will be observed an increase in coupling. 

The total coupling coefficient » is defined by the square of the sum of maximum terms 
(8) and hence the coefficients of coupling from the individual terms are not additive and the 
dependence of 7 on wavelength, antenna dimensions and orientation must be nonmonotonic 
In practice the value of coupling is determined from one or several of the largest terms of 
sum (8). 


3. CHARACTERISTICS OF THE PRINCIPAL TYPES OF COUPLING 


Let us conduct a qualitative examination of the more important forms of coupling: O-P, 
O-H-P, O-H-H-P. The last two couplings we shall examine both for the case of a stationary 
point and for the case of a stationary line. In the analysis we shall assume that the investi- 
gated coupling is the determining one and all others may be disregarded. 

Let us perform analysis for axially symmetrical reflectors of radius R with sharp edge. 

It is assumed that the axes of the reflectors lie in one plane. The maximum paths lie in 
this plane and the planes of the principal curvatures of the wave surfaces of fields I and II 
coincide and lie both in this plane and the plane perpendicular to it. The position of surface 
s,; does not affect the results of calculation and may be expressed arbitrarily. 

Coupling O-P (Coupling of Radiators), The field of the primary radiators of the antennas 
at point of stationary phase Y on s; (Figure 3) 


Ty (Q; by) a 
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Ey= V 00Px iGr 
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where 4; , Pr are the anles between the planes of the origin of angle measurement and the 

plane of coupling formed by the antenna axes; ‘); , pir are the angles between the antenna axes 
and the line OP; Gy and Gy are the directivity coefficients of the 
antenna radiators; the radii of curvature of the waves 


4) (2 2 
Pr = pi %=ry, pl? = er =rr. (10) 


Hence for the investigated coupling O-P expression (8) has the form 
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1= ik 
4P uy Pry 7q (120m) 


(Litas \ exp fae i +. 
ee 7 (11) 
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1) (2 2 GG), (T;T 1) 
Figure 3. For cal- 12 il * y)\ de dy | - (4Lop)? 
culation of coupling 
O-P. where Lop=ry +ry is the distance between radiators; x and y are 


the coordinates at the aperture plane s,. The coordinate origin coin- 
cides with point Y. 


The derived formula shows that coupling between the radiators satisfies the ordinary 
coupling equation. This obvious conclusion confirms the validity of the above calculations. 
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Coupling O-H-P (Stationary Point). For calculation of this coupling, in addition to the 
| field of the primary radiator, it is necessary to have an expression for the field of the fringe 
wave. 
For normal incidence of the wave at the edge of the semiplane the expression for the 
fringe wave may be presented in the form (reference [6]) 
&. = i(ery 2) LS 
Ler = “kr € i {PE pels ( (Gis )) =e Bo F4(6, , 6)}, (12) 
- where (See Figure 4) r is the distance from the rim to the point of observation; @ is the unit 
vector parallel to the rim; 6 is the unit vector perpendicular to the rim and vector r; Dry 5 
E,» are the p- and§ -components of the primary field at the rim; 


cos 29 sin - sin 3 cos 8 


eS 


° 


(13) 


OY ee 
cos —cos§, ’ ° cos § —cos 0, 


give the directivity patterns of the fringe wave for the g- and §-components; 6, and @ are the 
angle of incidence and the angle of observation. 

The above definition of the »- and § -components differs from the standard definition but 
is suitable for the calculations given below. 

It is easily shown* that the expression for the fringe wave of an axially symmetrical re- 
flector differs from (12) by the replacement of the amplitude factor for a cylindrical wave 
1/Vr (linear current filament) with the factor for a toroidal wave |/F/rr (annular current 
filament): 


= 2R i(ar+ 5 ‘)> 


Ba = VW ate 


(PE qoFo + bool}, (14) 


where r is the distance from stationary point H at the rim to the observation point; 7°) is the 
distance from the observation point to the reflector axis (it is taken with a plus sign if the 
observation point and stationary point H lie on the same side of the 
axis and with a minus sign if these points lie on different sides of 
the axis). 

By the ¢ -component is meant the component perpendicular to 
the plane of reflection (meridional plane) and by the 8 -component 
is meant the component lying in this plane and perpendicular to r. 

The radii of curvature of the wave are 


oll) = r, per Uriel 


sino.” ee) Figure 4. For de- 
w termination of the geo- 
where o is the angle between r and the axis of the annulus. metric parameters of 
Now let us determine the transition loss for coupling O-H-P wave diffraction at the 
shown in Figure 5. On the principle of reciprocity it does not semiplane. 


matter whether point H is at the receiving or transmitting antenna. 
Inserting expressions (9), (14) and (15) into (8), we obtain 


15 /G,Gr, 
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*The lines consisting of the caustic of the toroidal wave to the current annulus and the 
axis of the annulus. In their vicinity the field must have the nature of a cylindrical wave, that 
is, it must be proportional to 1/Vr and 1/Yr. The subsequent formula satisfies the pre- 
sented conditions. Its validity may also be checked by direct calculation. 
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where Loy = Ty + Ty, is the distance from the rim to the "foreign" radiator; Sy = | ry (°) | ay 
sin a Ty is the Higenee from radiator O to the axis of the other antenna. ; 
€ parameters (distance and angles) entering into formula (16) are determined from the 

geometry of the antennas and their relative positions. The influence of a shield interposed be- 
tween the two antennas and two radiators is also described in the above formula. 

Coupling O-H-P (Stationary Line). If two axially symmetrical antennas are placed back to: 
back and are coaxial, coupling occurs over the entire rim (Figure 2f). This is also true in the’ 
case of a circular shield the axis of which coincides with the line joining the radiators. 


Figure 5. For calculation Figure 6. For calculation 
of coupling O-H-P. of coupling O-H-H-P. 


As surface s; it is convenient to choose a cone perpendicular to the beam of rays from the 
radiator to the rim (Figure 2e). 

In calculating this coupling it is necessary to know the polarization characteristic of the 
radiator. Let us give it in the form (reference [5]) 


i oO, )== (8 cos @ ++ sin @) T (6). (17) 


Inserting expressions (9), (14), (15) and (17) into (8) and considering that the stationary phase 
method must be used only in integrating in the meridional plane and that the line of stationary 
phase is removed from the axis by a distance r(0), we obtain 
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In calculating the influence of a shield placed between noncoaxial radiators but with a 
cophasal shield rim, the expression for the rim integral has a more complex form, but the 
dependence on A and shield dimensions remains the same. 

Coupling O-H-H-P (Stationary Points). Coupling O-H-H-P exists in twelve forms. Cal- 
culation and dependence on wavelength is identical for all. Hence, as an example, let us dis- 
cuss coupling through two closely spaced rims for triple diffraction. The geometry of this 
coupling is shown in Figure 6. 


Inserting the expression for fringe waves (14) into (8), we obtain 
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where 
_ ; A 5 : 
Sry = sin arRry -++ sin arpRy -++ $10 oy Sin oplhyy; 


Lug =ry +71. 


Coupling O-H-H-P (Stationary Line). The geometry of this coupling for the case of back- 
to-back coaxial placement of the antennas (one of the twelve variants) is shown in Figure 2f. 


In calculation, as for coupling O-H-P, we take the radiation polarization structure given in 
(17). The aperture-cone surface is perpendicular to the ray cone H-H. 
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4. COMPARISON OF DIFFERENT COUPLINGS 


The above analysis permits us to compare the individual types of coupling. The principal 
relationships are listed in Table 1. 


Table 1 
! 
. Aepens pavendenee on’ Dependence on 
Ne 1. 1. Type of coupling ence on = diameter of 
rn pcre antennas! actor R 
1 |o—P nae 
2 |O—H—P, stationary Se (Lop) ia 
line 2 (Lon)~ R 
3 |O—H—P, Stationa 
point = 28 (Low S1)* Rt 
4 |\O—H—H-—P, 
stationary line eB (Lyn) (RyRyy)™ 
SAO HH =P. é 2 i 
stationary point aM (Lay 1) (Ry Ry)* 


It follows from Table 1 that the strongest coupling is that between the radiators (O-P). 
Unless special measures are adopted (for example, decreasing the side lobes of the radiator, 
polarization decoupling of the radiators or shielding them from one another), this coupling is 
the principal coupling and determines the transition loss. Since coupling O-P is only one and 
the other types of coupling are of smaller order, the frequency dependence of transition loss 
is monotonic. If the antennas are turned away from one another and the radiators shielded 
from one another, the determining coupiing is the coupling across one rim O-H-P and is 
smaller by one order of magnitude. If the rim is cophasal relative to the radiator (the con- 
tour of the reflector or shield is located at the surface of an ellipsoid of rotation whose foci 
are located at points O and P), the order of coupling is the same as that of O-P. The multi- 
plicity of couplings O-H-P with different lengths of path leads to a nonmonotonic dependence 
of transition loss on frequency. The value of coupling O-H-P depends considerably on the 
radiation polarization. ; 

Weaker coupling O-H-H-P, appearing only in the absence of stronger couplings, is 
characteristic for antennas of approximately the same diameter and placed back to back. As 
in the case of coupling O-H-P, coaxial placement of the antennas considerably increases the 
coupling between them. 

Let us evaluate the order of magnitude of coupling in the example of two antennas with 
diameter of 20 A and angle of radiation 120°. The level of illumination of the reflector edge, 
as usual, is taken to be 0.3. The directivity coefficient of the radiator in this case is equal 
to 4. The side-lobe level of the radiators is assumed equal to 0.2. Polarization of the 
antenna is assumed to be identical and the plane of polarization to coincide with the plane of 
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Figure 7. 


coupling. Let us examine the following variants of antenna placement. 
1. The antennas are oriented parallel to one another and their edges touch (Figure 7, I). 
2. The antennas are oriented perpendicular to one another. . One of the antennas is 


shielded from the other (Figure 7, II). 


3. The antennas face in opposite directions and are axially displaced relative to one 


another (Figure 7, III). 


4. The antennas are coaxial and placed back to back. The reflectors are in contact 


(Figure 7, IV). 


Table 2 lists the values of coupling between the antennas as calculated for these variants. 
The geometric parameters required for calculation are determined in accordance with Figure ‘| 

In order of magnitude the calculated values of transition loss coincide with the measured | 
Comparison of variants II and IV shows that coaxial placement of 
the antenna considerably decreases decoupling between them. 


values (references [7, 8]). 


vf 
Various antenna positions (for sample calculation), B=5). 


Table 2 
Antenna “ f e Transition 
es O 
position YP oe loss 
1 O—P 40 
Li O—H—P, 
stationary point 70 
Il O—H—H—P, 
stationary point 
P 110 
IV O—H—H—P, 
stationary line 
88 


In conclusion, it is my pleasant duty to express my thanks to A. I. Shpuntov for his valu- 
able discussions on the subject of this work. 
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THE THEORY OF RADIO SHOCK WAVES 
IN NONLINEAR TRANSMISSION LINES 


R. V. Khokhlov 


This article deals with the process of propagation of electromagnetic shock waves in non- 
linear transmission lines. By contrast with previously published studies, the effect of attenu- 
ation on the shaping and spreading of the shock wavefront is analyzed and the possibility of 
using the transmission line as a harmonic oscillator and a sawtooth-voltage generator is con- 
sidered. For the analysis, a method is used based on the low value of the nonlinearity and 
the losses in the transmission lines. 


INTRODUCTION 


The problem of the propagation of waves in nonlinear media has long attracted the atten- 
tion of mathematicians, mechanical engineers and physicists. This is because the process of 
propagation of perturbations in gas and liquid is ingportant in many fields of science and 
engineering, and gases and liquids are nonlinear media, (see, for instance, [1]). Recently 
radio-physicists and radio-engineers have been faced with this problem in connection with the 
increasing use of electromagnetic materials with nonlinear characteristics in radio engineer- 
ing. 

For convenience the problem of the propagation of waves in nonlinear media can be 
divided into two parts: 1) the propagation of waves under the conditions of a strongly dispersed 
medium; and 2) the propagation of waves under the conditions of weak dispersion. In the first 
case, the existing harmonic components of the wave do not actually interact with one another 
at all, or the interaction takes place between a small number of components with phase veloc- 
ities of nearly the same size. In the second case, all the harmonic components of the signal 
interact with one another resonantly, establishing the conditions for deformation of the wave 
with a large number of spatial harmonics. 

It is natural to analyze first the limiting cases — the case of strong dispersion, where an 
interaction between two harmonic components take place, and the case of no dispersion, where 
all the harmonic components of the wave interact strongly with one another. It is to this latter 
case that the present article is devoted. 

The process of propagation of electromagnetic waves in nonlinear systems in the absence 
of dispersion has already been considered in articles [2, 3, 4]. There an analysis of the for- 
mation of shock waves is given and the structure of the wavefront is studied on the basis of 
rigorous methods which were developed in gas dynamics and which are suitable for systems 
with a large nonlinearity, but not for attenuating systems. The structure of the wavefronts is 
studied in [3] with the attenuation of the medium taken into account. There it is shown that 
shock waves may occur under the conditions of attenuation. s 

The present article is devoted to the process of the propagation of waves in systems which 
are slightly nonlinear, absorb energy weakly, and are entirely deprived of the property of 
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dispersion. The treatment is based on an approximate method which is a natural generaliza- 
tion of the method of the shortened-equation method to the case of systems of partial differ- 
ential equations. A similar approximate method was already used in [5] to analyze the proces; 
of the propagation of waves in lines with parameters changing according to the equations for a! 
traveling wave. Here the process of propagation of waves is studied in a line whose nonlinear} 
parameter is the distributed capacitance. 


I. FORMAL SOLUTION OF THE PROBLEM 


In beginning the®study of the process of propagation of electromagnetic waves in a trans— 
mission line with a nonlinear distributed capacitance, we shall assume that the energy losses | 
in the line are caused by two distributed resistances, of which the first is connected in paralle| 
to the capacitance, while the second is connected in series (1). For the time being, we shall | 
assume for the sake of simplicity that the series resistance R is equal to zero and that the | 
dissipation of energy takes place only through the leak G. In this case, it is possible to des- 
cribe the behavior of the currents I, the voltages, U, and the charges Q in the line by the 
following system of equations: 


zal wena apne eee sa (1) 
Z t ’ ! 


Here L and G are the inductance and conductance of the line. Eliminating the current from 
these equations, we obtain the equation 


aU aQ 
32 Race amas (2) 


At the left end or input of the line, the voltage is given: 


at 20 TO). (3) 


We shall take the line to the semiinfinitely in the z-direction and confine our 
R selves to looking for solutions of (2) having the form of waves traveling to the 
right. The question of the existence of these solutions is examined further on. 
The charge Q on the capacitance is a nonlinear function of voltage. Since 
the further discussion is conducted for the case of a system which is only slightly 
Figure 1 nonlinear, the function Q (U) can be taken to be 


a|~ 


Q@ =CU + DU?, (4) 


in the majority of cases, the coefficients C and D being coefficients in the expansion of the 
function Q(U) into a series about the quiescent point. In addition, the variable part of the 
capacitance is assumed to be considerably smaller than its constant part C, i.e., 


DU,<¢, (5) 


where Ug is the amplitude of the voltage at the input. We also take the attenuation, i.e., the 


conductance G, to be small. Introducing the explicitly small parameter € , we have G =€G, 
D=€ED. 


In the case where there is no attenuation or nonlinearity, equation (2) has a solution of the 
form 


U =F (t—zV LOC), 
(6) 
where F is an arbitrary function of the argument. It is natural to suppose that, in the case of 


small attenuation and nonlinearity, solution (2) is basically of the same form as (6), except thi 
the function F changes slowly with increasing distance from the input, i.e., 


U =U (ez, t—zVLC). (7) 
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Defining new variables (5) 
t=t—2zVLC, z=-2 (8) 


and substituting them into Equation (2), we have 


9 PU SOU! U2 
ea ee VLC ele SLC" _ 0. (9) 


If we neglect the small terms, which are of the order of €7, we obtain 


Z[2ViceZ + iw + rev] =0. ey) 


Integrating over T, we obtain an equation which is considerably simpler than (2). This 
equation describes the process of the propagation of waves along the given nonlinear trans- 
mission lines: 


ou 0U 
peeee Watpe un wee (11) 


where F(x) is generally an arbitrary function of x, which, in the case of boundary condition 
(3), should be set equal to zero. The parameters a and 5 are expressed as follows: 


DV oe aeles (12) 


A solution to Equation (11) with boundary condition (3) can be easily found. However, this 
solution generally expresses t as a function of U and x: 


= = (e& —1)U + [OM]! (Ue), (13) 


where the symbol [@]~1 denotes the inverse function of 6. In the case where there is no attenu- 
ation, this solution reduces to the form 


+=aarU +[®]1(U) or t=2(VIC+UDY &) + 101). (14) 


It is interesting to compare this solution with the exact solution of (2), which can be obtained 
for this case. It has the form 
t=zVL(C + 2DU) + [®]1 (0). (15) 


By comparing (14) and (15) and remembering condition (5), we can easily establish the 
nature of the approximation of the method we are using. 


t=VE (t+ O. * 20am) (16) 


at 
The change of the shape of the wave with distance can be analyzed by means of a simple 
graphical construction, which we carry out below. 


2. RADIO SHOCK WAVES 
Let us specify that the input voltage is sinusoidal: 
ZO == sim or, (17) 


Substituting the corresponding inverse function into equation (13), we have 


ue ee 
an = (Oy - (1 — e—**) Te f are sin 


(18) 


; ; Wine Osx 
In beginning a graphical analyzis of this equation, let us mark the value Tho the 


abscissa, anda value won the ordinate (Figure 2). According to (18), the solution can be 
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represented as the sum of two functions — the arcsine and a straight line with an angular co- 
efficient Z: 
Zam OU 4 — 32), 
; (19) 


After rotating the axis in Figure 2 and analyzing the form of the solution for different 
values of Z, we can see the distortion of the wave's profile at increasing distance from the in- 
put of the line (Figure 3). 

The angular coefficient Z has the meaning of a reduced distanee and characterizes the 
extent to which the nonlinearity of the system manifests itself. When the angular coefficient 
is small, the nonlinear properties manifest themselves weakly. 

The nonlinear properties become appreciable when Z is comparable 
with unity. Finally, they manifest themselves strongly when Z is 
greater than unity. The reduced distance depends on the true dis- 
tance nonlinearly. As x ~ ©, the reduced distance tends toward 
its limiting value Z.: 
aoU, 
La} (20) 


which can be smaller than unity in the case of sufficiently large 
attenuation. This means that, when the attenuation is sufficiently 
large, the distortion of the wave is small at any distance from the 
input of the system and that it only decays in amplitude (Figure 3a). 
Solution (18) has fundamentally different forms when the reduced 
distance (19) is greater than or smaller than unity. When Z is 
greater than unity, then, as seen from Figure 3, c, d, the solution 
U (T) is multivalued, which is a physical impossibility. This means 
that only a part of solution (18) describes the shape of the wave in 
Figure 2 the region Z >1. Starting with a reduced distance equal to unity 
(Figure 3b) the wave becomes a shock wave, and the solution des- 
cribing its form becomes discontinuous. The connection between the values of the current, the 
charge and the voltage in front of the shock wavefront and behind it is given by the equations 


Ly, (Ii — 12) =U,—U 2g, 09)(Q1— O02) = 11 — La, (21) 


where Vo is the velocity of the wavefront, while the subscripts 1 and 2 refer to the values be- 
fore and after the wavefront. Equation (21) can be easily obtained by writing the condition for 
the continuity of the field at the discontinuities of the coordinate system moving with the 
velocity vo. If we eliminate the values of the discontinuities of the current from these equa- 
tions and consider that U, = U2 at the discontinuity, we obtain an equation for the velocity of 
the shock wavefront 


ete as 


0 £Q:-=Q) § LC” (22) 


Figure 3 
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i.., the wavefront moves with the velocity of propagation of small pertubations. In Figure 
3¢ and d, the shock wavefront is shown by dotted lines. 

It is necessary to consider especially the question of 
whether solutions in the form of a traveling wave can exist vt 
in the region of the discontinuous solutions of equations (1). =| ae 
This is connected with the fact that in a nonlinear system a 
voltage jump is equivalent to a jump in the values of the 
parameters in a linear system, and from this discontinu- 
ity waves should be reflected. Nonetheless, in the given Figure 4 


_” case, as in the acoustic case of waves with sufficiently 


small amplitudes [6], no such reflection exists. This is the result of the fact that the values 
of the voltage and current in (21) before and after the discontinuity satisfy the equation (16) 
which is integrated in the neighborhood of the discontinuity and which is generally correct for 
any two points 1 and 2: : 


an U; 
Le R= c D 2 2 G UdU 
Tye Iy 7 (U1 —Us) 4 VLC (i Us) 5 av | aU (23) 
woe 


The two last terms in the right member (23) are equal to zero in the neighborhood of the 
discontinuity, and equation (23) transforms to the first of the equations (21). This proves the 
absence of reflection from the discontinuity. 

From (20), we obtain the critical value for the input amplitude of the signal 


Cee (24) 
below which the reduced distance can never be greater than unity. In this case, no shock wave 
is formed at any distance from the input. 

From Figure 3c and d, it is seen that, starting with the reduced distances Z = 1/2, the 
shape of the wave becomes almost saw-toothed (Figure 4). This conclusion is general, inde- 
pendently of the shape of the input voltage, if only itis periodic. At sufficiently large reduced 
distances, the shape of the wave becomes saw-toothed with decaying amplitude. When its saw- 
tooth voltage is applied to the input, the wave propagates along the line without any distortion 
of shape. This means that, in the case of a strongly dispersing line, there exists a stationary 
shape of the wave, which is propagated along the system without distortion. However, here 
there is an essential difference in the case of a dispersing line. This difference consists of 
the fact that the amplitude of this wave will always decrease even in the case where the param- 
eters of the system are purely reactive. 

Indeed, as can ge seen from Figure 3d, the amplitude of the shock wave decreases with 
distance in the case G =*0 as 
U 
Oates (25) 
The cause of its decrease is the specific attenuation of shock waves (cf.the acoustic case [6]). 
This specific attenuation takes place because, in accordance with the equation 

4 
RM ECP IDE)’ (28) 


where v is the velocity of a point on the wave profile, the positive part of the half-period(U > 0) 
moves more slowly than the negative part (U< 0). &s a result, there is interference between 
these two parts of the wave and they cancel one another. 

In this connection, it is interesting to note that the form of the law of conservation of 
energy usually adopted is 


aes ? 
> al Cea casey (27) 


where & is the density of the wave's energy, and § is the density of the energy flux. 


Q 
=| UdQ +4 LI, S=1U, (28) 


0 
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are uneven in the region of shock waves. According to (25), in the case G = 0 the average flow * 
of energy S decreases with distance according to the equation 


ad ne Us (29) 
s~> V L (4+ aU ox)? 
while according to the Equation (27) it should remain constant. This abnormal phenomenon is 


explained by the influence of the series resistance R (Figure 1) on the wave process, even in 
the case where it is a vanishingly small magnitude. 


3. INFLUENCE OF THE SERIES RESISTANCE 


For simplicity, let us confine ourselves to the case where there is no leakage, G and the 
energy losses in the system are caused only by the series resistance R. The simplified equ- 
ation corresponding to (11) for this case is 


ou 
Ox 


TP Oe a (30) 


Here a has a previous meaning (12), while, in distinction from(12), 5 is equal to 


5 =+RC Vic (31) 
The substitution [7, 8] 
Ov 
26 Ot 
Ole oe (32) 


reduces Equation (30) to a linear equation of the same type as the heat equation 


av. Oy 33 

a = Osa) (33) 

For this case, when there is a sinusoidal voltage at the input (17), the boundary condition for 
(33) has the form 


and pa ) pA au COS OT 
La v=€ (34) 


The solution of Equation (33) with boundary condition (34) can be written in the form of an 
integral or a Fourier series: 


ce) aUy (ty)? 
4 \ —~ COS wy — aU “ 
== = e205 ae 7 = Ses ( 9\ .—wmnx o 
2 V nda 2 y=2 5} oe POS rut (35) 


n=0 


Here Jy is Bessel's function for an imaginary argument. If the wave process is represented 
in the form of a spectrum of harmonic components, it will be found that the high frequency 
components are very strongly damped. In the most interesting case 


DU 
Oe ce (36) 
this representation describes the wave process only at fairly large distances from the input, 
where 
2 
L E ord or {x =. 4Q, 


: (37) 


Here Qo = 1/RwcC is the quality factor of the system and y=WvVLC isits wavenumber. In 
this case, the shape of the wave is sinusoidal in the first approximation: 


ag 
2607! (508) —0*d5x oj 1 
a ; (as sin WT ~ Q\D 
0 


206 


Ux 


(an g pa; Ue e— o> Sin wT. (38) 
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All the higher components on the spectrum of the wave formed in this first portion of the line 


- where 
| 


5 Cc 
aoU ~<1 or TS py, (39) 


_ has been so damped because of the uneven attenuation that their amplitudes are considerably 
_ smaller than the amplitudes of the main component (38) at distances defined by (37). 

To analyze the process of formation and "spreading out" the wave which is almost a 
| shock wave, the integral representation (35) of solution (33) should be used. If the integral is 
| computed by the saddle-point method, the corresponding analytic expression [9] can be ob- 
tained. From these expressions, it follows that up to the value 


2 = rae (1— x) (40) 


the effect of the resistance R on the process of formation of the wave which is almost a shock 
_ Wave can be neglected in the first approximation. 


The minimum possible duration of the quasi-shock of a wave occurring at distances of the 
order 


pape 1 
n= Doe (41) 
corresponds to the phase interval [wT]: 
ee 
[ot] = Tab agplle (42) 
In the further motion of the wave, its shape can be described by the equation 
Uy 3 
U = sg (ot mth} — OF ST, 5 (43) 
where A gives the duration of the quasi-shock. 
‘loonie DU, 
eae (44) 


e 
For values of yx of the order of 4Q), the duration of the "front" is of the order of 7/2 and the 
wave acquires in effect a practically sinusoidal shape. 
Let us now consider the question of the flow of energy in the system. In the given case 
where G = 0 andR # 0, the equation corresponding to (27) has the form 


ag as art 45 

Ot op = Fl oa 

Here, in the expressions for the energy density € and the energy flux density S, the voltage U 
refers to the voltage at the capacitance component U, (Figure 1). Thus, 


U=Uct+ RR. (46) 


It follows from (43) that in a region where a quasi-shock has formed, the right member of 
(45) is equal to zero everywhere during the period of T, except for the small region of the 
quasi-shock, whose width is equal to A. As R decreases, this region becomes narrower, while 
the value of the right member of (45) increases proportionally to 1/R in this region. There- 
fore, when the average is taken over the period, 


as 
ae 
even in the case where R ~ 0. This means that the specific attenuation of shock waves is 


caused by the resistance R, which is connected in series with the capacitive element, and that 
this resistance plays an essential role even when it is vanishingly small. 


CONCLUSION 


When radio waves are propagated along a weakly absorbing line with nonlinear distributed 
parameters, the shape of the wave is distorted. The wave becomes a shock wave and is 
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gradually transformed to a saw-tooth wave independently of the wave of the periodic voltage 
supplied. In the case where the part of the losses increasing with frequency is neglected (i.e., 
the distributed resistance in parallel to the capacitance is ignored), the spatial scales of this 
transformation are determined by the reduced distance (equation 19). As the input amplitude 
decreases, the distance at which a discontinuity in the profile of the wave begins to form is 
increased and becomes infinite at a certain finite value of the input amplitude. 

When a shock wave is propagated along a line, specific scattering of the wave energy 
takes place. This is still true even when the parameters of the line are purely reactive. The 
attenuation of the wave is described by (19). 

If the losses which increase in the frequency are taken into account, the steep front of the 
shock wave begins to "fall'' gradually and the wave becomes sinusoidal. 

The maximum number of the harmonic component which can be obtained in a system is 
determined from (42) by multiplying the quality factor of the system by the nonlinear param- 
eter (the modulation factor of the capacitance). 

The author thanks Professor G. Hefner (Stanford University, USA) for his interesting 
discussion on the topic of this article. 
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INDUCED DIPOLE IMPEDANCES IN A WAVEGUIDE 


L. S. Benenson 


The report derives design formulas for natural and induced impedances of current har- 
monics (the superposition of which may approximate any current distribution) distributed over 
a tubular dipole. The cases of placement of the dipole in a metal waveguide and in a 
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bidimensional rod grating are discussed. Design curves are presented which illustrate 
practical application of the formulas. 

In the solution of a number of electrodynamic problems dealing with periodic structures 
consisting of dipoles it is necessary to find the impedance of the dipole (as a structural ele- 
ment) and also the current distribution at it. If the latter is presented as a superposition of 
the current harmonics forming a completely orthogonal system at the dipole surface, then 
both these problems reduce to calculation of the amplitudes of the individual current’ har- 
monics aj and the impedances Zjk which they induce in one another. 


Amplitudes aj may be determined from a system of linear equations in the induced-emf 
method and the radiation impedance Z is 


L= 


A 


yi} hy Aaa 
pee (1) 

Since the coefficients of unknown amplitudes a; in the mentioned equation are also Z jk> it 
is immediately evident how important it is to know the values of Zj,. 

Below we present the calculation of Z;, in the problem of a dipole located in a bidimen- 
sional grating or in a rectangular waveguide. Calculations are performed by a method based 
on the equivalence of a dipole within a waveguide and in a bidimensional grating obtained from 
the mirror image of a dipole within the walls of a waveguide. This permits extremely simple 
treatment of the thickness of the dipole and the nonuniformity of current distribution over the 
cross section. We will note that the mentioned equivalence was used in [1] in the solution of 
the problem of a dipole dividing a metal waveguide. 

1. Let us consider the problem of a cylindrical rod dividing a rectangular waveguide with 
two metal and two magnetic (that is, ideally magnetoconductive) walls (Figure 1). If within 
the waveguide there is propagated a fundamental TEM wave, the current within the rod will 
have only one component (Ky) parallel to the axis of the rod, with distribution, constant along 
the rod, presentable in the form of a superposition of azimuthal harmonics: 


co 


K, = >} a, cosng, (2) 
n=0 

where angle @ is read from the direction of the waveguide axis (z). 

The field excited by the rod within the waveguide is equal to the field of a grating of cophasal 
rods obtained by the mirror image of a dipole within the waveguide walls, wherein distribution 
of currents in all the rods is expressed by formula (2). In order to determine the induced im- 
pedances, it is necessary to sum the fields of all these rods traversed by harmonics of one mode. 
The field of the n-th harmonic of one rod may be calculated by means of the Hertzian electric 
vector tly — IF, 


Ty = — 20 agJy (ka) H® (kR,) cos ng. (3) 


Since for calculation of Zj, it is necessary to find the field at the surface of the zeroth rod, in 
(3) it is convenient to transfer to another cylindrical system of coordinates y, r, ~, the axis 
of which coincides with the axis of the zeroth rod (Fig- 


ure 2). Then 19 
9 m| 

five V Rip + 7° — 2rRjp\ cos), | ic i 

Vly yal | 

where R|p| = |p| Ly is equal to the distance between a te | 

the old and new axes, that is, between the axis of the Wy f eval 
p-th and the axis of the zeroth rod; Lx is the period of ra 0 ee z 

the structure. Te 

Applying the addition theorem for the Hankel func- te ila 

tion (see [2], formula (6.540.2)), we obtain for the Tali 

expression Lis ae La 

re. aes And n (hia) pea He) (KR ip) Im (kr) cos mrp. (4) maeimer? 


Now let us add the fields of all the rods, that is, to the field of the zeroth rod [which we 
obtain from (3), assuming therein that Ro = r] we add the sum for p from p=+ ltop=+© of 
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fields of the type in (4). In addition it is necessary to consider that if the origin of angles ~ 
and © is taken to be the same for all rods (e.g., from the positive direction of the x-axis), 
then, for rods located to the left of the zeroth rod, it is necessary to replace w in (3) and (4) 
by 7 -w and for rods to the right of the zeroth rod it is necessary to replace by MesOr 
This will lead to the appearance of additional factors of (-1)" with 1 < p < ~ and of (-1)™ with 
-©<p<-1. With this in mind we obtain for the Hertzian vector of the total field the expres- 
sion 


AnJ n (ka) (HY? (kr) cos n@ + 4 Jim (kr) cos mp X 
M=—oo (5) 
x St) B® sy (epLa)t (A) + (AY) \ 


p=1 


maZy 


(2) 
yn = — 2k 


The linear (per unit of length) impedance Zy'p induced by field Eyy = k* Yn at the current 
harmonic of number n!' of the zeroth rod is 


2n 
Ui cpt cronies 
n’'n = —~ nay f 


0 


adg. (6) 


a, 
After simple calculation, we obtain 


Znn = i. In (ka) { En Onn? (ka) + Sn’ (ka) (Ante oe 


vw > ye - (7) 
x [(—1)" Dy Hebw (pls) + D} HO» (kp) |}, 
p=1 DI, 
where 
={ispaae, oe aid 
eT (1, =n (8) 


With n + n' equal to an odd number, Zn'nm = 0, tnat is, the even and odd harmonies do not 
interact. 


P(Ry, 9) b 
R  Zeroth rod (at p> 0) Rod number p Zeroth rod (at p <0) 
Vf 


haa) 


Figure 2 


With n'=n= 0 (i.e., Z..) expression (7) represents the radiation impedance of the rod in 
the zeroth approximation when it suffices to consider only the zeroth harmonic in the current 
distribution: 


Zoo = “72 Jy (ka) { HY? (ka) + 2J5 (ka) D} HY (kpLy)}. (9) 
p=1 : 


Upon the incidence of a TEM wave at a rod in the waveguide, the current harmonics are 
acted upon by the linear integral emf 


2n 
n 1 
f= are \ cos ng Eade. (10) 
0 
Since = a 
Ee one a= e—tkacose = > Ae Hi (ka) eine, 
(ace) (11) 
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for ff{™) we find 


gare Jn (ka). (12) 
Solving the system of equations of the method of induced emf's: 
7 
da; Lig 5 (13) 
we find, considering only the zeroth and first harmonics: 
Se fy a 
40= rare’ = aaam Kv = ao(1+ 2 cosg). (14) 


In order to evaluate the influence of the upper harmonics of current it is convenient to calcul- 
ate the coefficient of reflection from the rod in an equivalent waveguide. 
Since interaction between the zeroth and first harmonics is absent, the total reflection 


coefficient is equal to the sum of the partial reflection coefficients resulting from both har- 
monics: 


al R Ru 
Nae gall ae (15) 


2. Great practical interest attaches to the problem of a dipole not wholly dividing a wave- 
guide, for it corresponds to a metallodielectric in the form of a rod of finite length (Figure 3). 
In the rigorous solution of this problem it would be necessary 
to consider that at such rods, in addition to axial currents, 
there will also be azimuthal currents caused by higher modes 
excited in the equivalent waveguide by the rod itself (in this 
case, also, the TEM wave excites only axial currents). How- 
ever, consideration of azimuthal currents would lead to ex- 
tremely complex calculation. Since the role of these currents 
is not great, we shall disregard them in subsequent discus- 
sion. The distribution of axial currents at the surface of the 
rod will be represented in the form of a double Fourier series: 


Cm 6 (2m + l)a é i 
=a) > st cos" 1* y cos pg, 
=0 m=0 

L 


(16) 


Lb, 
= 


(L is the dipole length). The series in terms of coordinate y Figure 3 

contains only odd cosine harmonics, since current distribution 

is symmetrical relative to the center of the dipole and at its ends vanishes (thus, strictly 
speaking, the investigated dipole represents a cylindrical tube rather than a solid rod). In 
calculating the field created by the dipole within the waveguide we proceed, as in the preced- 
ing case, from a single rod to a bidimensional grating obtained as the result of the mirror 
image of the dipole within the walls. The expression 


ea tar d ELAM \ SK 
Se : 
r “Amik sven ss Ky V e+ (y—y' — aL, 


# —- a % 
Sy SS SS 


ein Bey y’—nL,,)* 


adgdy’, 


(17) 


for the Hertzian vector of the field of one vertical row of rods is transformed by using the 
Poisson equation and the addition theorem (see [3], formula (14), and reference [2], formulas 
(6.541.2) and (6.540. 2)) for the Hankel function. Then we obtain for rods of the zeroth row 
me” ae naZp NI (2) iy 
yee) = — 


ho 24 Banp Jp (Yn@) Hp’ (Yn) cos pge Y , (18) 
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for rods of the t-th row 


[oe) .2nk 
mip) maZ,, a / age 
1; ica gs 2kL > Bump Veg (Yn) Jt (Yn7) eat (YntLx) cos Inpe Yy , (19) 
a Y n,l=—co 
where 
(—1)" 2m + 1 
nab L 
Bump = 2 cos L,  /2e ed 8 Bama Cmp (20) | 
Ee ens 


We find the total field at the surface of the rods of the zeroth row by summing expression (19) 
for t from + 1 to + ~ and adding the field of the zeroth row (18), wherein in (18) and (19) it must 
be assumed that Ro =r =a: 


mp Zo 2 
Byer = — lS) Bang th [Ty rnt) HY? (140) 608 p+ 


Y n=—00 


(21) 


> 


i 


[Me 


1 Jo tut) I (rat) 008 MPH (Fata) (A) + (—Ayh} @ PH 
l 


Be 


The impedance Zp'm', pm induced by the harmonic with subscript pm on the harmonic with sub- 
script p'm'is defined by the expression 


L/2 2% Efren) (2m? + )a 
Lire = \ A (ona) Of, cos PP cos aes eile yadgdy. (22) 
—L/2 


Inserting expression (21) in place of Ey bp with consideration of (20) and integrating, we 
obtain ‘ 
Lipa = ihe x 


‘ (Ay try? 2 (= x) oe n) parinee 
a "Dy na) > 
rma rites i) nae (3) 
x | epo8ro Hy? (1A) + Sr (tna) [1 ++ (— yD Hpk’ (tate) + 


+ HP (tntLx)I 


Let us note that in (23) the terms corresponding to the TEM wave coincide with expres- 
sion (7), which refers to a rod wholly dividing the waveguide. Great practical importance 
attaches to the quantity Zoo, oo ,Which is equal to the radiation impedance of a rod in the 
equivalent waveguide on the assumption that the current distribution is represented by one 
zeroth harmonic of series (16). For it we have 


kL)? Zp % <a? 
Z00.00 = uly (7° (ka) H® (ka) + 272 (ia) 3 HO Gita) 
=1 
, cos? nL a ‘ 
Z | Ty (6n@) Ko (6na) + 
* Bete h eee es 


427? (8,0) 5) Ky (8ntLx) | 


t=1 


In (24) the terms resulting from the principal TEM wave and higher modes are written out 


individually, wherein it is assumed that yy = -i6, and the relation HY?) (-iz) = = Ko (z) is used. 


828 


Expression (24) may be used directly for more precise calculations of phase velocity in 
the structure for formula (30) in [4]. It is seen from (24) that the propagating wave (TEM) 
causes an inductive reactive component of self-impedance of the rod (since Ho (2) (ka) = 
Jo (ka) -iNo (ka), while No (ka) < 0 with ka « 1) and the higher wave modes cause the capaci- 
tive component (since Ko (5a) > 0). 

The integral emf caused by the TEM wave and acting on the current harmonic is 


L/2 2n 
be ONE, one: 1) x 2LiP(—1)™TP J, (ka) 
abe eee oe * yadledy = — aaa (25) 


3. The induced impedances in the case of a rod in a metal waveguide may easily be de- 
termined by the same method used above. It is only necessary to consider that, since the 
waveguide walls are metallic, with mirror reflection [6] within them we obtain vertical rows 
of dipoles with alternating currents (that is, currents distinguished by the factor (-1)t, where 
t is the number of the vertical row). In this case, for example, the expressions for Zo) and 
Zoo,ooare obtained from the corresponding formulas (9) and (24) by inserting factors (-1)t 
under’ the summation signs according to subscript t. For calculation of the phase velocity in 
a linear grating of rods in a metal waveguide we may use Eq. (30) from [4], which was de- 
rived for a metallodielectric in the form of a tridimensional periodic structure but remains 
valid in the case under discussion. It is necessary only to consider that in a metal waveguide 
the principal wave is not a TEM wave but an Hjo wave. In this connection the wavenumber k 
in Eq. (30) of [4] must be replaced by the propagation constant yo of the Hyp wave. 

4. The method of calculation of finite width of the rods was discussed above in the ex- 
ample of rods within a waveguide, which corresponds to a metallodielectric in which the wave 
is propagated along one of the Cartesian axes of the periodic grating of the structure. No 
difficulty is encountered in generalizing the derived results for the case of arbitrary direction 
of propagation of waves in a metallodielectric. In order to simplify the equations let us limit 
ourselves to the case where the current at the rod is described by one zeroth harmonic. If 
the direction of propagation lies in a plane xoz perpendicular to the rods, the currents in the 
vertical rows of rods forming a bidimensional transverse (to the z-axis) grating are distin- 
guished by factor e-ithxLx, where t is the number of the vertical row, hy is the x-component 
of the propagation constant of waves in the structure, Lx is the x-axis period of the structure. 

Expressions for Zo9 and Zoo 99 are obtained from formulas (9) and (24) by inserting the 
factors cos (phy Lx) and cos (der) respectively, under the summation sign according to 
subscript t. 

In the general case of arbitrary direction ¢f propagation, current distribution at the rods 
of the transverse grating has the form 

Ke 


—ithyLy—inhy 


Purp (y), (26) 


where the numbers t and n define the position of the rod in the grating, hx and hy are the com- 
ponents of the phase constant, and Lx and Ly are the periods of the grating eine the x- and 
y-axes. 

Let us write function w (y) in the form 


vY=Hiye (27) 
isolating the factor e-ihyy caused by the presence of propagation along the y-axis; in addition, 


w (y) may be presented in the form of a double Fourier series (16). 
It is not difficult to see that the expression for Z00 ,00 has the form 


ih 


P nul 
co TES ODS or 
2 1 js ¥. 2 
i meer Jo ina) | H® (y2) + 
uv n=—oco = 
( Ly / (28) 
foe) 
+. Fy (na) >) c0S(thsL,) HY? (YntLx) \, 
t=1 
where 
2nm 2 
I 
may) BO (AE thy) (29) 


5. Figure 4 (1, precise calculation; 2, approximate calculation; heavy line, single rod) 
and Figure 5 (1, precise calculation; 2, approximate calculation) present curves for the ratio 
Xoo /Rooplotted from precise formula (9) and approximate formula (when the rods of the grating 
are replaced by axial linear currents and Zogis calculated as the impedance induced by these 
currents on the linear current located from the axis of the zeroth rod by a distance equal to 
its radius). The figures correspond to two values of transverse period of the structure 
(Lx/A = 0.4 and 0.1) and are plotted as a function of rod radius a/A. For comparison, one of 
the Figures gives the plot of Xoo /Roo= -No (ka)/Jo (ka) corresponding to a single rod [see 
formula (9)]. The table lists data for the relative deviation in the precise and approximate 
values of Xoo/Roo = &. 


0 
4005 Q015 Q025 2055 0045 a 
A 


Figure 4 Figure 5 


From Figures 4 and 5 and the table it is evident that the deviation between precise and 
approximate values of Xoo /Rogincreases with a decrease in period of the structure (when there 
—_—_—  ——__ is an increase in interaction of the rods of the grating) and 


= a BS 0% with an increase in rod diameter, which was to be expected. 
: At small periods (Lx/X = 0.1 - 0.2) the corrections reach 
0.4 0.005 0.4 substantial value (on the order of 10-30%) even though the 
wee - rods are not extremely thick (a/A = 0.025 - 0.045). 
0.045 ee A comparison of the curves for Xo9 /Rogof a single rod 
and of a rod in a grating shows considerable difference 
0.2 | 0.005 0.04 between them, especially at small periods. In particular, 
0.015 0.95 at a single rod we always find Xo9/Ro) > 0, whereas, at a rod 
| Howe e in a grating, Xo9/Roomay be both positive and negative (the 
latter at small periods). It is possible, however, that in 
0.4 0.015 0 regions where Xo9/Roo < 0 it is necessary to take into ac- 
i 1 count the higher harmonics of current at the rods. * 
~U49 vA 


*In calculating Zo, it is convenient to modify formula (9) 

by use of formulas (6.531.1), (6.532.3) and (6.534. 3) in [2]. 
In the case of rods in a metal waveguide or in a structure with inclined incidence of the exciting 
wave the modification is achieved by means of formulas (6.532.1), (6.532.3), (6.533.3) and the 
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MEASUREMENTS OF THE RADIAL ADMITTANCE 
OF AXIALLY SYMMETRICAL SYSTEMS 
WITH INDUCTIVE WALLS 


L. V. Kasatkin 


A method is proposed for measuring the radial admittance of axially symmetric systems 
with inductive walls. The essence of the method consists of experimental determination of 
the propagation characteristics of electromagnetic oscillations in a dielectric rod placed in 
the beam channel of the system under study. Qn the basis of the measured characteristics, 
the inductive susceptance at the edge of the dielectric rod can be determined from the theoret- 
ical equations derived here. The proposed method of measurement is in the frequency band 
beyond the critical frequency. The measured values of the admittance can be used to compute 
the amplification characteristics of electronic tubes in a drift tube with inductive walls under 
the condition that the amplification per unit length is small. 


INTRODUCTION 


The characteristics of the amplification of space-charge waves in electron beams in drift 
tubes with inductive walls outside the passbands depend essentially on the admittance of the 
walls reduced to the beam radius [1]. Thus, it can be shown that the range of amplification 
increases as the dependence of the inductive susceptance of the walls of the drift tube on fre- 
quency decreases; the amplification level increases as the absolute value of the inductive sus- 
ceptance reduced to the beam radius decreases (to some limiting value), and so on. 

Other conditions being equal, the admittance at the edge of the beam Bz is determined by 
the magnitude of the inductive susceptance B, of the walls of the drift tube. Thus, in systems 
with axial symmetry [1], the inductive susceptance of the walls Y, = -jB; at the edge of a 


ensuing formulas. In particular, with ka <1, for R,, we obtain the extremely simple ex- 
pression 


beam channel of radius r; is reduced to the edge of a beam of radius rz by the equation 


rey — foe {11 (gra) A (hers) + Ka (Kors) B (hers) 
} Door JB, ke Wwe (ker2) A (keri) — Ko eee : Q 
where 
A = Ky (ker) + ie Ky (Ker); oe 
B =I, (ker) — Pen (ker). @) 


Here Io (Kar), Ko (Ker) and I; (Ker), Ki (Ker) are modified Bessel functions of zero and first order, 
respectively, ke = 27/ABe; Be = Ve/c; and Ve is the velocity of the electron in the beam. Thus, 
it is possible to make a relative evaluation of the parameters of systems with inductive walls 
having a beam channel of definite diameter from the equations giving the inductive susceptance 
as a function of frequency B, (f). 

Below we shall consider an experimental method of determining B; (F) from the propag- 
ation characteristics of electromagnetic oscillations in a dielectric rod with a dielectric con- 
stant € = €9€', placed in the beam channel of the system under study. The essence of the 
method lies in the fact that the propagation characteristics in the dielectric are determined by 
the boundary conditions at the surface of the rod, i.e., they depend on the magnitude of the 
inductive susceptance of the drift tube. 


1. MEASUREMENT OF THE RADIAL ADMITTANCES OF "SMOOTH" 
SYSTEMS WITH INDUCTIVE WALLS*® 


To start with, let us consider the case of a 'smooth" drift tube, in which the inductive 
susceptance Y, = -Hy/ E, for r =r, remains constant along the entire drift. The wave equa- 
tion for r < r; has the form 


PE, 
+E, =0, 


2 
Vie Ez a al (4) 


where k = a ve'. In the case of axial symmetry of the field, the solutions of this equation 


for a wave in the TMp are given by the equations 


E, = AJy(r VR—7?) clot), (5) 
EE irre ila ys 
E, aA fev a ae ip (r Ve 5 7”) ei(at—yz) (6) 
Hy = AVERY 7 VR elton, a 


Jo (x) and J; (x) are Bessel functions of zero and first order, respectively. The susceptance of 
the boundary of the dielectric rod is 
3 HT, (r1) ab eT 7 Faqs 
me: = jee : (nV RB — x) 
"1 Ej) — B—pVP— Jy(nVeP— (8) 


Let us represent the dispersion equation, which gives the phase velocity of propagation of 
electromagnetic oscillations in a dielectric, in the form of the condition for matched suscept- 
ances at the boundary (at r =r): 


B kn Ve’ 1 Jy (x) 


1 | ADO» om igi x= VR. (9) 
B,-120 1 oJ : ne eg 
The function a ee 7, 2 = /(x)is shown in Figure 1. The dotted curve corresponds 


to the conditions for retardation of the waves in the rod(phase velocity vg<c/ Ve’), when 
x= x= jr Vy *, and the dispersion equation becomes 


kr Ve’ 1. I (%) 
Gis ed gi ea AC tes (10) 
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The solid curve in Figure 1 corresponds to the condition vs >>c/V e’. For each fixed value of 
B, and for v@ > c/Ve' , waves with different radial variations can be propagated. In the region 
of retardation of the electromagnetic oscillations (v@< c/V€" ), the dispersion equation (10) 
determines a single-valued relation between B, and x. 

As B, ~°©, when the drift tube has ideally conducting walls, Eq. (9) transforms to the well- 
known equation giving the wavelength in a waveguide loaded with dielectric 


a a a 8 ee 
Ag= Ve g ( Vig ) ’ 


where Acer = 2.61 1}. 


When the value of the inductive susceptance B; is finite, the critical wavelength is deter- 
mined from the condition ¥ - 0 by means of the equation 


Ji (Hep) a 
To (Repti) : (11) 
Ji (2 Ve’ - 
ihe | 250) Ve 
plotted for different values of «'. Accordingly, one of the methods of determining the induc- 
tive susceptance of the walls of the system consists of measuring the critical wavelengths when 
a dielectric rod of radius r; with a known €' is placed in the drift tunnel. By placing rods with 
different values of €' in the system and measuring the long wave boundary of the passband, it 


is possible to determine the frequency function B, (f) in accordance with Equation (11) and 
Figure 2. 


B,-120n = Ve’ 


In Figure 2, a family of curves of the function A, - 120n = Fe’, er) = Ver is 


ry 


S 20 25 0 35 0 Kor 

TPs 

Figure 1. Variation in the function > a Figure 2. Family of curves of the 
: Pas : a j radial inductive susceptance B, - 

with x for vg >c ve' (solid cue), and vari- 120m plotted as a function Of ey/ae 
ation of the function + Su) with % for vr < for different values of €' of a rod 


% Io () 
c/Ve' (dotted curve). This determines the 
relation of the propgation factor in the sys- 
tem with the quantity B; - 1207/kr, Ve". 


of radius r=1,. 


Another method of determining B, (f) consists of recording the dispersion function of a 
system with inductive walls with a dielectric rod inserted in the transit tunnel. In Figure 3, 
a family of curves of the function B = vg (c) =f (A/r1) constructed according to (9) and (10) is 
plotted for different values of the inductive susceptance B,-1207, with a permittivity of the 
rod €! =2.5. When these curves are used with the measured data on the dispersion of the 


833 


system loaded with the dielectric, it is possible to determine the frequency characteristic of 
the inductive susceptance B,; (f). 


2. MEASUREMENT OF RADIAL SUSCEPTANCES 
OF PERIODIC STRUCTURES 


When a structure with inductive walls is made in the form of a chain of connected cavities 
(Figure 4) for which the condition of axial symmetry at the boundary of the drift tunnel is not 
basically altered, it is necessary to add to the boundary con- 
& ditions for r=r,. In this case, it is necessary to take into 
i ee a account the space harmonics in the field of the structure when 
Cael the fields are joined at the boundary of the rod in the same 
| way as in the computation of the dispersion of a septate wave- 
guide [2]. As known from [3], when the condition D « Xf and 
2t < D are satisfied, it is possible to consider only the 
03%| —1 VS fundamental space harmonics. The boundary conditions for 
5 Yr =r, have the form 


2 


En(n)=—y \ Ear (rie de, (12) 


| d 
aes | mcr 


i.e., the intensity of the field in the dielectric rod is equal to 
eal the first space harmonic as a field in the structure: 
= | 


jem ul 
i nL I Oa Le ae 1 ¢ 
EEE EEE Ee EE — * , a 
128 6 M4 152 16 168 6 A d \ A gi (71) dz = Hei (ry), (13) 
i mo 
Figure 3. Family of curves ; ; ; ; Rae 
of es delay plots B =ve/c i.e., the intensity of the magnetic field in the structure is 
plotted as a function of Vr, equal to the average value of the intensity in the dielectric rod 
plotted fopitiitevent radial ’ in the interaction gaps. Here Ezy and Hoy are the components 
susceptances»B,- 1207 at the of the field in the dielectric rod for r < r;; and Ezy and 
boundary of the dielectric are the components of the field in the sections of the septate 
rod wath cli=oeS won waveguide for r >r;. The dispersion equation assumes the 
: ri form = 
radius r= 17. A Myr Ve’ 4° Jy (x) 
aa 1202 Be Gy. * (14) 


for septate waveguides with narrow radial chambers in which it can be assumed that the intens- 


ity of the electric field in the radial gap (at r = r,) Ez = const = Eo and that the phase shift ina 
chamber is w < 7/2, 


sin? aa 
Me Ti war aoe Z 
=) (15a) 


For septate waveguides with thin-walled duct tunnels between the interaction gap in adjacent 
chambers, in which the field intensity in the gap at r = r; can be given by the equation 


= 1 g 
be _ 


—— 5 Sa S 


Ns 


fee EL 


Figure 4. Chain of connected Figure 5. Equivalent circuit of 
cavities. a chain of connected cavities. 
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i Cah (15b) 
pee es af ) 
D aa. ° ( 2 


When a dielectric rod is placed in the drift tunnel of a system of coupled cavities, the 
radial inductive susceptance is no longer a single-valued function of frequency and depends on 
the phase velocity of the waves in the system. In the general case, this dependence is deter- 
mined not only by the factor M [see (15a), (15b)], but also by the characteristic coupling 
elements between the cavities. Indeed, the equivalent circuit of a chain of cavities can be 
represented by Figure 5. Here, the six-poles P;, Pz, P3,. ..correspond to individual 
cavities coupled with one another by the quadripoles §; |; + 1 (for instance, slot couplings be- 
tween the cavities) as well as by the line sections L; ; + 1, which are connected (through the 
transforming devices Tj) to the terminals 1 -1', 2 -2', . . .and which characterize the 
parameters of the dielectric rod in the drift tunnel of the system. In the special case where 
€'=1 (there is no rod in the tunnel), the wave is not propagated along the chain of cavities in 
the region of frequencies outside the passband of the system and is rapidly damped at it 
moves away from the place of excitation. In this case, the admittance measured at the ter- 
minals i, i+ 1 at some fixed frequency w, outside the passband Y, (1) =1;/Uj (i and Uj are 
the current and voltage of the terminals of the i-th cavity) will be basically determined by the 
parameters of the i-th cavity and will depend only to a very small extent on the S couplings. 
When a dielectric rod is inserted in the drift tunnel, it is possible to select a value of its 
dielectric constant such that a propagating wave will appear in a system at the frequency w). 
When a system of this type is excited at the cavity terminals 1 -1', 2 -2', etc., voltages and 
currents will arise with a phase shift ~ relative to one another depending on the phase velocity 
of the waves ve: 


Sah Te (16) 


It is easily seen from the equivalent circuit that the radial admittance Y, in the traveling-wave 
operating mode depends on the coupling parameters S and on the phase shift between the 
cavities. Thus, the inductive susceptance measured when a rod with €' > 1 is inserted in the 
drift tunnel depends on vg and may differ considerably from the admittance for €' = 1 in the 
absence of propagation. In this connection, it is necessary to find the value of 8 for which the 
measured quantity Y; corresponds to the system inductive susceptance which determines the — 
characteristics of propagation of the space-charge waves when a beam passes through the 

drift space. We shall consider the case where an electron beam with a current density ip mod- 
ulated at a frequency uw, lying outside the passband of the "cold" system is injected into the de- 


celerating system. To simplify the problem, we shall assume that the charge density is constant — 


throughout the cross section of this beam and that the beam totally fills the drift tunnel.* From 
[1], it is known that, when only the fundamental space harmonic is considered the electro- 
magnetic field of the boundary of the drift tunnel in the system can be represented in the form 


E, = AJq (Tr) eio'—), (17) 
Hi = A ae TJ, (Try) et, (18) 
where 
1% 
T? = (1° — ke) we -1]. (19) 


By making the field continuous at the boundary of the drift tunnel, the following equation, which 
is similar to the dispersion equation (14); can be formed: 


*When the beam diameter is smaller than the diameter of the drift tunnel, it is necessary 
to take into account equation (1) for transforming the impedances. 
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Mek 1 af: Jy (Try) 
120% (y2?— k?) ry MS S(Eri) 


B= (20) 


For definite values of the inductive susceptance B,, Equation (20) is satisfied for some com- 
plex value of the propagation factor 


Y =e L]10% (21) 


a € 2 3 |'/2 
where pq is the gain of electron waves in nepers per centimeter, and, Tp = @p/Ve = [<i / evv®| 


is the wave number of the plasma. ; 

Thus, in the given case, an increasing traveling wave which has a phase velocity deter- 
mined by the accelerating potential (i.e., vg = Ve) and which is bound to the beam is propagated 
through the structure. ; : 

Suppose that the following conditions are satisfied at some fixed frequency ww lying outside 
the passband of a structure: a) the phase velocity of the wave when there is a dielectric rod in 
the system is equal to the phase velocity of the amplified electron wave when a beam is in- 
jected in the tunnel, i.e., vg= ve; b) the gain of the electron wave per unit drift length is 
negligible, i.e., Ypq K Ye. Then, the values of the inductive susceptances of the structure at 
the boundary of the drift tunnel [see Eq. (10) and (20)] can be regarded as identical in these 
two cases. Thus, it is necessary to find the radial inductive susceptance as a function of 
frequency for a given value at the same velocity, which is determined by the accelerating po- 
tential. For this purpose, a series of measurements of the dispersion function B(A) must be 
made in the system, with dielectric rods having different €=¢', €'', e€'''. . .inserted in the 
drift tunnel (see Figure 6). For a given 8 = Be, the wavelengths correspond to different di- 
electric constants (A1, X42, A3, .. .in Figure 6) are determined from 
the dispersion characteristics. Then the values of B; =f (A/ri, €') 
corresponding to the experimentally found quantities A, (€,) are deter- 
mined from Eq. (14), or from the function constructed according to (14) 
for the given value of Be (see Figure 7). In Figure 7,* the dotted line 
represents the desired functions B, =f(A/r;) for B = Be. 

In the case where the diameter of the dielectric rod is smaller than 
the diameter of the drift tunnel, the method described above makes it 
possible to determine the admittance of the system reduced to a given 
radius for each fixed value of Bg = ve/c. Of course, a similar method 
of measurement can be developed for the study of systems with plane 
Figure 6. The dis- symmetry. 
persion function B(A) Let us note that the process of making measurements with differ- 
of the structure un- ent dielectric rods is necessary only when additional couplings (the S 
der study when di- couplings in Figure 5) exist between the resonators. If these couplings 
electric rods with do not exist (as in a septate waveguide with central drift spaces), B, as 
different values of a function of the phase velocity will be entirely determined by the factor 


Crs CCU elt eee Me. In this case, to determine B; =f (A, §), it is sufficient to measure 
are inserted in the the dispersion function with a single dielectric rod and then to carry out 
drift tunnel. the corresponding recomputation for a given phase velocity v@= ve by 


means of Eqs. (14) and (15). 


3. THE RADIAL ADMITTANCE OF A STRUCTURE WITH INDUCTIVE 
WALLS AS A FUNCTION OF FREQUENCY 


The analysis we have given makes it possible to determine ways of making bandpass sys- 
tems with inductive walls in which the frequency function B, (w) is small. 

It is easily seen from Figures 6 and 7 that the curve showing the dependence of the meas- 
ured inductive susceptance B,(w) on frequency for B = Be = const will be flatter (and the amp- 
lification in the drift phase will be wider), the greater the shift in wavelength of the dispersion 
function of the system when a dielectric rod is inserted in the drift tunnel. When the reso- 
nance method of measuring the dispersion function [5] is used, a shift in the dispersion curve in 


*The functions in Figure 7 are constructed for the special cases where Be = 0.41, €; =1, 
€2 =1.5, €, =2, €4— 2.5565 = BG — oar 
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wavelengths corresponds to detuning of the resonator when 
the dielectric is inserted in it. If the resonator under study 4207 
is represented in the form of two coupled "partial" regions 12> 
corresponding to r <r, andr > rj, the natural frequency of 
the resonator will be given by the equation 


+ 


+ \ (rot Bi) a, 


Vi 


&; \ EvdV, 
\ 


i=1,2 "? 


ay 

>i 

ve) 
i=1,2 


2 
Wn = 


(22) 


v 


By the perturbation method, we find that when the drift 4, 
tunnel (r <r,), i.e., the first region, is loaded witha di- 
electric with «= €9 + A€, where Ae is a small perturbation, 
the natural frequency of the resonator will be a 


5 . W; 
OF = 5 E ae Bs , 


éa We+We, 
Here Wr, and Wr, are the values of the stored electric 
energy in the first and second "'partial'' regions respectively. 


Figure 7. 


The family of 


The shift of the resonance frequency Awis given by the 
equation 
Ae Wp, 


ae 
2¢1 We tWr, ° 


aay 


(24) 


Thus, the range of a system with inductive walls depends 


curves B,:1207 =f (A/r), 

€) constructed for a fixed 

value of 8, and different 

values of the dielectric 

constants of the rod in the 
drift tunnel. 


on the distribution of stored energy in the resonator and in- 
creases as the energy in the region of interaction increases relative to the total energy stored 
in the system. 


06 


Figure 9. Theoretical (1) and ex- 
perimental (2) curves of B,-1207= 
f (A/r}). 


Figure 8. Dispersion function of a septate 

waveguide, B(A, r1) without the dielectric 

rod (€' = 1) and with a dielectric rod with 
€' = 2.5 in the drift tunnel. 


4, EXPERIMENTAL VERIFICATION OF THE METHOD OF MEASUREMENT 


Experimental verification of the method was carried out with a system with positive disper - 
sion made in the form of a septate waveguide with central coupling spaces. At wavelengths greater ~ 
than the long-wave limit of the passband of this waveguide, the radial admittance at the bound- 
ary of the drift tunnel was inductive and was given by the equation 

Mer - 4 [J1 (Kors) Yo (Koro) — Jo (Koro) Y1(ko 71)] : 
120% [Jo (Kors) Yq (Koro) — Jo (Koro) Yo (Kor1)] 


(25) 


Figure 8 shows curves of the dispersion function of the septate waveguide without a dielectric 
rod (€' = 1) and with a dielectric rod with «' = 2.5 in the drift tunnel. Figure 9 contains curves 
of the function B; (A/r1): Curve 1, computed from Eq. (25); and Curve 2, determined from the 
measurements of the dispersion function in accordance with a graph of Figure 3 and on a basis 
of the coefficient Me. A comparison of these curves shows a fairly good agreement of the 
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theoretical and experimental results. The increase in the divergence in the region of shorter 
waves, with a phase shift in a chamber of = > 1/2, appears to be connected with the fact that 
only the fundamental space harmonics have been considered. As in the computation for 
septate waveguides [3], it is possible to improve considerably the theoretical equations by 
considering two additional space harmonics in the system, (the first positive, and the second 
negative). 
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THEORETICAL AND EXPERIMENTAL INVESTIGATION 
OF FREQUENCY-DIVIDER KLYSTRONS 


WITH PRELIMINARY BUNCHING 


O. A. Barmenkov, S. A. Kornilov, G. V. Lomakin 


The report discusses theoretical investigation of frequency-divider klystrons with pre- 
liminary bunching, taking into account the influence of residual velocity modulation in the beam 
and nonlinear distribution of potential in the bunching space of the resonator. A quantitative 


comparison of theory and experiment in a reflex divider with preliminary bunching yielded 
satisfactory results. 


INTRODUCTION 


Investigation of klystron frequency dividers is of interest from the point of view of their 
application as the frequency converters for masers. Several works devoted to this subject 
have been published. References [1, 2] present a theory of double frequency division in 
klystrons of the transit-drift and reflex types. References [3, 4] and [2] present the results 
of experimental investigation of divider klystrons of various types showing qualitative agree- 
ment with theory. 

For a quantitative comparison of experimental data obtained with a specially created 
divider klystron [4] it was necessary to take into account other theoretical factors, namely, 
the simultaneous effect of density and velocity modulation of the beam on the process of 
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frequency division and also the influence of nonlinearity of potential in the retarding space. 
The purpose of the work from which the data of this report were obtained was the carrying out 
of appropriate calculations and detailed experimental investigation of the divider klystron, 
permitting accurate comparison of theoretical and experimental data. Investigation was per- 
formed for the case of double frequency division. 


1. THEORY OF DIVIDER KLYSTRONS WITH PRELIMINARY BUNCHING 
TAKING INTO ACCOUNT VELOCITY MODULATION AT THE INPUT 
OF THE RESONATOR 


Dividers with a reflex and drift resonator are conveniently examined together since their 
descriptions are similar. These devices are represented in Figure 1. 

The input sections of the two klystrons are identical and represent a modulating gap with 
drift sector 01, at the input of which there are alternating components of current and velocity, 
wherein the relation between these components depends on the space-charge density and 
length of the drift tube. We shall refer to the klystron in Figure la as a transit divider; the 
theory of this device, without consideration of the alternating component of velocity, was dis- 
cussed in [1]. Correspondingly, we shall refer to the klystron in Figure 1b as a reflex 
divider. The theory of this device with 91=0 (i.e., considering velocity modulation only) 
was discussed in [2]. In subsequent discussion we shall assume that resonance of the input 
gap is absent (that is, the reflect divider employs scatter optics or any other device elimin- 
ating penetration of reflected electrons into the input gap. 

Examination of these dividers is performed in much the same manner as in [1]. The only 
difference lies in calculation of the current induced at the grid of the output gap. Let us limit 
discussion to the case of small bunching of the beam reaching the input of the resonator of the 
klystron: 


sin hyl 


i, ~ I, [! + 2S, (Xoo FF ) cos (20tz —On1)] , 


Xp COS hyly 
Our 


Ve Vy E + sin (2@t.— 201) . 

As is subsequently explained, this does not impose serious limitations in comparing ex- 
periment and theory and at the same time does permit logical treatment of longitudinal de- 
bunching in the drift space 01. 


Figure 1. Transit (a) and reflex (b) dividers. 


1) Modulating gap; 2 and 3) output resonator gaps. 


Analyzing the convection current induced by the bunched stream at the output grids of the 
divider, for the principal harmonic of the divided frequency «we obtain 


i) = Asin wt; + B cos ots, 
where the Fourier coefficients are defined by the following integral: 


Io 2” 
Bea \ [1 + 27, (Xo) cos (20t. — Oq1)] X 
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Here Xo = Xoo sin hy /;/h; 4; is the bunching parameter for paneuie of the beam by the input 
signal, taking into account debunching in the drift space 0); Xy = 6, Xo) cos hy 1; is the bunch- 
ing parameter in the resonator of the klystron, which bunching occurs due to residual velocity 
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modulation by the input signal at the input of this portion of the device. In the case of double 
Signs (+ and +) the lower sign refers to the reflex divider. The integral is calculated by a 
Fourier-Bessel expansion: 


+00 : 
B—jAStW ye hu > (ENT, Ae ie le 
p=—oo 
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Limiting ourselves to values of X which are sufficiently small that we may neglect J3(X), 
Js (x), etc. in comparson with J; (KX), we may obtain a result satisfactory for our purposes and 
maintaining with small X any degree of approximation required in practice. The assumption of 
small value of X is valid with small beam current near the threshold of self-excitation and also 
with large current near the maximum range of division, but, above all, it is valid at the edge 
of the division bandwidth where X ~ 0 if only y [J3 (X,)-m?] < Jo Ky), that is, in class-two 
resonant operation and in synchronization operation with sufficiently large input signal. This 
permits more accurate calculation of the division bandwidth — the chief characteristic of the 
frequency divider. After the mentioned simplification the expression for convention current in 
the output gap takes the form 


a = + 20 oJ, (X) {[Jo (Xv) Sin (Boz + P) F my sin (Oo2 + Oo1 — )] Sin wts 4- 
++ [Jo (Xv) cos (Qo. -+ P) + Me cos (Oo. + Oo1 — G)] COS ots}, 
where 


me = J, (X,) aeJy (Xo) Jo (Xv) £ Iq (Xo) Ja (Xv). 


Inserting i() into the oscillation equations gives us 


OX — — 8X — 28yJ, (X) [Jo (Xv) F me cos (On — 29)], 
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dt 20 


Here yis the resonance parameter. For the transit divider y = kB28302/)R / 2Uo, and for the 
reflex divider 7 = 820 ./)/ / 2U), where Bz and B3 are the coefficients of electron interaction 
for the second and third gaps of the klystron; k is feedback coefficient and is equal to the ratio 
of high-frequency at the second and third gaps. 

The stationary solutions for both types of divider have the same form 


‘o? — w?\2 
2J (X) Ito Vm — mail 205 | 
- 1 (I5 (Xv) — me] 


A cursory examination of stability shows that the solution with a plus sign is always unstable 

and the solution with the minus sign has an extremely narrow region of instability at the ex- 

treme edge of the division range; consideration of the latter is of no practical importance. 
From the last expression we obtain the relationships defining the relative division band- 


with Aw/w: 
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The derived formulas indicate the different properties of transit and reflex dividers. 
Whereas in the transit divider modulation (both velocity and density modulation) of the beam at 
the input of the resonator of the klystron contributes to increasing |m al (i.e. , increasing the 
division bandwidth), in the reflex divider these phenomena have the opposite effect and with a 
certain relationship of parameters of the transit and reflex portions may even lead to disap- 
pearance of the effect of division. 
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Thus, an effort must be made to achieve predominance of one of the control mechanisms 
in the reflex divider (that is, to do this either with J; ~ 0 or with 1, = 7/2h,). Choice of one 
or the other variant will be determined, on the one hand, by structural considerations and, on 
the other hand, by the attainable bunching angles in the transit and reflex portions. In particu- 
lar, as will be seen below, solution of this problem may be substantially affected by non- 
linearity of potential distribution in the retarding space. 

As for the transit klystron, the combined action of bunching and velocity modulation of the 
beam contributes to increasing the division bandwidth, particularly in the case where the space 
charge is small and, despite a large angle 91, at the output of the drift space considerable re- 
sidual velocity modulation is maintained. 


2. INFLUENCE OF NONLINEARITY OF POTENTIAL DISTRIBUTION 
IN BUNCHING SPACE 


Distribution of potential in the retarding space of a reflex klystron is usually characterized 
by a certain nonlinearity. In the reflex divider, in particular, this nonlinearity may be con- 
siderable, due to the necessity of creating scattering optics. 

The influence of nonlinearity of potential distribution in the bunching space is considered in 
the first approximation in klystron theory by replacing transit angle 0» in calculating the bunch- 
ing parameter with bunching angle aQo, where [5] 


2U, (ad 
0, Gu -), 

It is not difficult to confirm that consideration of nonlinearity of the retarding field in the 
case of a reflex divider in this same approximation also reduces to introduction of the bunching 
angle Qo2zp, = «902, which must be inserted instead of Qo2 into the formulas for X, Xy and y. 
This generalization also applies to the transit divider. 

Since, in practice, it is rather easy to attain values of a, the bunching gain, considerably 
greater than unity, the nonlinear potential distribution may be used for decreasing input power 
of the divider (that is, for improving its transfer coefficient). In this case, it is required that 
the electron stream be velocity-modulated at the input of the resonator. 


3. KLYSTRON DESIGN AND RESULTS OF SIMULATION OF REFLEX OPTICS 
£ 

An experimental investigation was performed with a reflex divider, the arrangement of 
which is shown in Figure 2. The tube construction was glass-metal with external resonators. 
The electron gun provided control of the beam independent of the potential at the diaphragms by 
regulation of the potentials at its anode and focusing ring. Short beam length with relatively 
large diameter (7-8mm) permits operation with electrostatic focusing. The input gap, de- 
signed for operation in the 3000 Mc range was formed by two copper diaphragms with plane 
grids made by the electric-spark method. The output gap was separated from the input gap by 
the drift space, which at a frequency of 2700 Mc had a transit angle of 50 radians. The mesh 
apertures of the output diaphragms have different diameters, which, in combination with the 
special reflector design, permits eliminating the penetration of reflected electrons into the 


Figure 2. Experimental divider: k, f, a — cathode, focusing 
ring and anode of electron gun; 1, 2, 3, 4 — diaphragms; 0 — 
reflector. 
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input gap. Distortion of the regarding field, required for creation of scattering optics, is 
achieved by the introduction of a plunger. 


Parameters of the reflector optics were quantitatively investigated by the analog method 
in an electrolytic tank. Space charge was disregarded. It was considered that electrons 
entering the retarding field have only an axial component of velocity. 
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Figure 3. Retarding field and electron trajectories. 


The equipotential lines (with successive 2% changes in supply voltage) and electron tra- 
jectories plotted therefrom by ordinary graphic methods are shown in Figure 3. Point A in 
this figure corresponds to the boundary of the mesh of the third diaphragm, point B corre- 
sponds to the boundary of the mesh of the fourth diaphragm. It is also seen from Figure 3 that 
with given potentials (Uref = -16 v, Up = 400 v) the optics of the given reflector are satisfac- 
tory from the point of view of current passage. After reversal, electrons moving in trajec- 
tories 2, 3, 4, pass through the output gap of the resonator and are then intercepted by the 
solid portion of the third diaphragm. The electrons not entering the gap in reverse movement 
constitute approximately 15% of a total electron stream, if we consider that current density in 
the cross section of the beam is constant. 


In order to determine the value of bunching gain a it is necessary to know the value of the 
derivative (d 02/dUe) 9. For this purpose the trajectories 2-I, 2-Il, 2-III (Up = 400, 390, 410 v, 


respectively) were plotted and by graphic integration the transit time of electrons along these 
trajectories was calculated. We than calculated the transit angles, obtaining a value of 


Ooz= 31.3 radians. From the plot of 92(Ug) we determined the value of (d62/dUg)o = 0.25 r/v 
Inserting into the expression for a the value of (d@2/dUe)p and90, we obtain a = 6.4. 


If we calculate the phase aberration index cos }, where ~ = 02-27 (n+ 0.75) with n = 4 


(the fourth zone of oscillation), we obtain cos ) ~ 0.5. Averaging was performed for three 
electrons moving in trajectories 2-I, 3, 4 corresponding to Up = 400 v. 


842 


Study of the static current flow confirmed the assumption adopted in analog simulation: 
under operating conditions the ray had extremely small convergence. In practice, its diam- 
eter upon entering the input gap was equal to the diameter of the aperture of the lower 
diaphragm at the output gap (that is, 7 mm), whereas at the input gap it did not exceed 8 mm. 

High-frequency measurements indicated satisfactory operation of the scattering- 
retarding system as a whole. It always provided excitation of the output gap with faint traces 
of oscillation at the input gap. 

On the basis of static measurements of current flow with positive potential at the 
reflector (which was greater than the diaphragm potentials in order to decrease errors 
associated with secondary emission) we determined the forward operating currents in the out- 
put gap and drift space which were required for calculation of a number of high-frequency 
parameters of the divider, particularly, longitudinal debunching in the presence of drift. 


4, EXPERIMENTAL PROCEDURE 


For a quantitative comparison of experimental data with theory it is necessary that the 
operating parameters of the divider be known with sufficient accuracy. These parameters 
include: voltages required at the gaps for determining the bunching parameters, the "hot" 

Q's of the resonators, the resonance coefficient of the output gap, and the bunching angles. 
Correct determination of these quantities is associated with certain difficulties due to non- 
linear distribution of potential and phase aberrations in the retarding field. 

Below we give a short description of the methods used by us in measuring these 
parameters. 

Measurement of High-Frequency Voltage at Klystron Gaps. High frequency voltage was 
measured by means of detector probes which were calibrated by the method of total retarding 
of electrons. 

For greatest accuracy the calibration point was chosen with a sufficiently large oscilla- 
tory voltage at the gap — of the order of 70 volts; then the detector current was plotted as a 
function of applied power, which permitted us to obtain a graduated curve down to fractions of 
a volt. In order to eliminate the influence of electron loading and resonance of the gaps, cali- 
bration was performed with extremely low beam current — less than 1 ma. 

The coefficients of electron interaction in the gaps were calculated, which we were able 
to do with sufficient accuracy due to the planar construction of the gaps. With Uo = 400 v they 
were calculated for an input gap 8; = 0.92 (frequency 2700 Mc) and for an output gap Bz = 0.76 
(frequency 1350 Mc). < 

Determination of Resonator Parameters. (a) Input Resonator. The "cold" Q was meas- 
ured from the resonance curve. Small changes in Q under the influence of electron loading 
were determined by means of a detector probe from the change in amplitude of oscillations in 
the resonator. In addition to the Q, it is of interest to determine the equivalent resistance of 
the resonator, calculation of which requires knowledge of the characteristic impedance 0 of 
the resonator. Calculation of the latter was difficult due to complexity of the geometry of a 
resonator with tuning screws. The quantity 0 was determined experimentally. In operation 
with matching of the resonator with the supply line and at low beam current (less than 1 ma) 
we obtain the following measurements: loaded Q, QI, = Qo/2, where Qo is the natural Q of the 
resonator; power of the incident wave P and voltage at the gap u. The measured quantities 
permit us to calculate p: p= u?/2PQ. The resonator parameters so measured proved to be: 
p = 32 ohms, Qo = 380, R =12 kilohms. 

(b) Output Resonator. The output resonator has simple coaxial construction and, hence, 
its characteristic impedance was calculated. Measurement of the Q was complicated by the 
fact that it must be known in the operating state (that is, in the presence of a reflected electron 
stream). Its incidence at the peripheral solid portion of the lower diaphragm of the gap may 
give rise to additional electron loading, which is caused by the large current of slow secondary 
electrons. Hence, we resorted to the method of measuring the Q from the slope of electronic 
tuning in self-excited operation, taking into account all types of loss in the resonator. However, 
in the design formula it is necessary to take into account nonlinearity of potential distribution of 


the retarding field: 
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The value of the derivative (d92/dUyef)o in this formula is determined from the experi- 
mental curve for 92 = F (Uye¢), the nature of which depends upon the degree of nonuniformity 
of the retarding field. 

Another method for determining the Q during oscillation conditions is that based on the 
slope of mechanical tuning of the klystron. Its advantage lies in independence of the results 
on the characteristics of the retarding field; however, in our case it provided lower accuracy 
due to imperfection of the tuning mechanism. 

The measured values of the parameters of the output resonator were p = 18 ohms, 

Qo = 400, R =7.2 kilohms. 

Determining the Transit Angle in the Retarding Field. In our case, the most satisfactory 
of the known methods of measuring the transit angle in the retarding field of a reflex klystron 
is the method of variation of the natural frequency of the resonator, since it is not associated 
with a change in potentials of the reflector and resonator. 

By means of this method, was obtained the transit angle in the retarding field as a func- 
tion of the reflector and resonator potentials (Figure 4), which was required for a number of 
calculations. 

Determining the Bunching Angle (Considering Nonlinearity of Potential Distribution in the 
Retarding Field). The bunching angle Oo2py is determined from the bunching gain a: Oo2py = 


aOoz, where 
foe oe PE ilk es ; | 
oe dU, 0 2 Ov2 Koay 0 OU, 0 


Thus, knowing the experimentally derived relationship 0.= F (Uo, Uyeg), it is easy to calculate 
a. Our measurements indicated considerable nonlinearity: a=7.7. This is in excellent 
agreement with the result obtained by simulation. 
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Figure 4. 6, as a function of Uref with Uo = 400 v 
(a) and of Uo with Uyef = -16 v (b). 


Determining the Resonance Parameter y. The reflex optics of the investigated klystron 
possessed considerable phase aberration. Experimental determination of the aberration index 


as the ratio of the theoretical value of thereshold current in the output gap of the experimental 
value showed that cos { > 0.35. This is in satisfactory agreement with the results obtained 
by simulation. 

In order to avoid error due to phase aberration, the resonance parameter y was not de- 
termined by calculation but from the ratio of the operating current in the gap to the threshold 
current (determined experimentally). With values of y not differing extremely from unity the 
data of current flow permitted us to consider it to be proportional to the ratio of operating 
res of the cathode to its threshold value, which made determination of y a simple oper- 
ation. 
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Phase Measurements. In order to check frequency division and investigate the phase shift 
of input and output oscillation, depending on the operating conditions of the klystron, their fre- 
quencies were translated to several hundred ke and then the oscillations were compared on the 
screen of an oscillograph by means of Lissajous figures. 


5. RESULTS OF EXPERIMENTAL INVESTIGATION 


Below we present the results of experimental investigation of the described klystron in 
double-frequency division. 

Figure 5 shows the dependence of the relative division bandwidth on the degree of bunching 
of the beam by input oscillation. The sum Xo + Xy is laid off on the abscissa axis wherein in 
calculating X, the bunching gain in the retarding field was considered. It is of interest to note 
that in our case, despite the relatively large drift space Xy/Xo = 3.5, that is, the influence of 
residual velocity modulation in the beam is noticeably predominant. If we disregard non- 
linearity of potential distribution in the retarding field, xy Xo = 0.45 (that is, there isa 
significant difference in the result). In plotting the curves, we considered the longitudinal 
debunching in the drift space (h; /,; = 0.72 with y = 1.6) and the bunching gain in a nonuniform 
retarding field (a =7.7). The transit angles in the drift space and retarding space were, 
respectively, 90 =50 radians, Oo2 = 30 radians; the bunching angle in the retarding field 
Oepy =a, Oo = 230 radians. In addition to the experimental curves (dash-dot), the figure 
presents theoretical curves. 


Figure 5. Relative division bandwidth 

asa function of the sum of parameters 

of bunching of the beam by the input 
signal: 


0. 


= 0.9; 2, y = 1.033, y=1.6; 4, 
~ 3; Uo = 


400 Vv; Vref = -16 v. 


Let us discuss the limits of applicability of the theoretical calculations. As stated above, 
our analysis assumes small values of Xo (quasi-linear bunching operation in the drift space). 
Strictly speaking, this may be done as long as Xo is small in comparison with unity. However, 
precise indication of the limit of values of Xo at which the theoretical formulas become inef- 
fective is difficult, since the higher harmonics of current in the beam at the input of the 
resonator (and, consequently, the harmonics of velocity) have relatively little effect on the 
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the error in determining the induced current when neglecting the effect of higher harmonics 
in the control beam remains less than 18% even with Xo =1. Thus, there is reason to be- 
lieve that the actual range of application of the formulas given in Section 1 will be wider. In 
Figure 5, parts of the theoretical curves corresponding to Xo > 0.5 are given by a dashed 
line, indicating the conditional nature of the comparison. 

Satisfactory coincidence is observed even in the region of large values of Xo + Xy, where 
theory does not guarantee accuracy. This is evidently associated with the fact that in fre- 
quency division the upper harmonics of a stream bunched at the input of the tube actually have 
little effect on the process of synchronization. An exception is found in the curves for voltage- 
controlled operation (y = 0.9), which diverge. This is probably due to inaccurate determina- 
tion of y. Actually, in voltage-controlled operation the quantity y has considerably greater 
effect on the division characteristics than in synchronization operation. Hence, the require- 
ments for accuracy in determining y increase. 


process of synchronization. This is particularly evident from [1], wherein it was shown that 
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Figure 7. Resonance characteristics 
of divider: Up =440Vv; Uyef = -13.5 v; 
y=1.6;u, =7.7 v;u; anduz,amplitudes 
of r-f voltage at the first and second 
gaps; f;,, frequency of input signal. 


Figure 6. Amplitude characteristics 
of divider; y=1.6, Up = 400 Vv, 
Urerg = -16 v. 


In order to confirm sufficient accuracy in determining the bunching parameters, we com- 
pared the theoretical and experimental values of the optimum bunching parameter with opera- 
tion of the klystron in drift amplification. Departure did not exceed 15 percent. This check 
involves complex procedure, for determination of the bunching parameters is associated both 
with measurement of the gap voltages and with knowledge of the geometry of the beam and 
space-charge density. 

Figure 6 presents the theoretical and experimental amplitude characteristics of the 
divider. The coincidence here is also satisfactory. 

Finally, the resonance characteristics of division are shown in Figure 7. Here we plotted 
the amplitude of synchronized oscillations and change in their phase with a change in frequency 
at the divider input. 

The present report has not dealt with multiple frequency division. Characteristics of the 
above klystron in frequency division with factors greater than 2, are presented in [4]. 


CONC LUSION 


Satisfactory correspondence between the theoretical and experimental characteristics of a 
reflex divider with preliminary bunching has been obtained. It has been shown that the pres- 
ence of the drift-space does not eliminate the need for considering residual velocity modulation 
within the beam, which has a particularly strong effect in the presence of increased bunching in 
the retarding field. The latter effect permits a substantial reduction in signal power at the 
divider input. 
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NOTATION 

Ip, Vo — direct components of convection current and electron velocity 
iz, V2 — alternating components of convection current and electron velocity at input of 
resonator of divider 
ti, tg — moments corresponding to electron transit through first and second gaps 
tz — moment corresponding to electron transit through third gap for drift divider and 
reverse transit through second gap for reflex divider 
Xoo — parameter for preliminary bunching of beam by input signal 
X — parameter for bunching of beam by oscillations of divided frequency 
w — divided frequency 
a — natural frequency of output resonator 
~ — voltage phase of synchronized oscillations at second gap (input-voltage phase 
assumed to be zero) 
6,, 92 — transit angles in first and second bunching spaces, calculated for input and out- 
put frequencies, respectively 
601, %2 — transit angles of electrons with unmodulated velocity 
1, — length of first drift space 
h,; — debunching parameter in drift space 
y — resonance parameter 7 
6, Q, R— attenuation, Q and equivalent resistance of output resonator 
Uo, Upep — accelerating and retarding potentials 
Ue — electron energy 
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HARMONICS IN AN ELECTRON BEAM AT THE OUTPUT 
OF A TRAVELING-WAVE TUBE 


V.I. Kanavets 


Electron bunching is studied in the beam moving in a drift cylinder at the output of a 
traveling-wave tube at distances greater than the wavelength of the oscillations of the electron 
plasma. The bunching was studied on the basis of the third harmonic in the range of 10-cm 
wavelengths. It is shown that at these distances it is possible to obtain the third harmonic 
with the power of the same order of magnitude as the power of the harmonic in the traveling- 
wave tube. At large signal levels at the input of a traveling-wave tube, an increase of the 
amplitude of the third harmonic with distance, connected sith the oscillations of the electron 
plasma in the flow, was discovered. 


INTRODUCTION 


At the present time, multicascade tubes having retarding structures and an electron 
beam using frequency multiplications have appeared. The electron buncher in these tubes 
is the traveling-wave tube. Thus, the frequency multiplier with two retarding structures 
{1, 2] is of this type. An advantage of this type of instrument is the large frequency- 
conversion coefficient (greater than unity) for a series of higher harmonics. Frequency 
multiplication with the use of electron bunching at the output of the traveling-wave tube is 
used in frequency-dividing devices [3], and can also be used in electronic parametric ampli- 
fiers with a low-frequency excitation [4]. Beams bunched in traveling-wave tubes are used 
to study different types of emission from electron bunches, such as Cherenkov radiations 
and radiation in inhomogeneities [5]. 

The devices which are described use harmonics of a beam which emerges from a 
traveling-wave tube and moves in space with the potential, which, in the majority of cases, 
is not equal to the potential of the retarding structure of the traveling-wave tube. It is 
possible to determine the main features of electron bunching in these devices by examining 
the electron bunching in a drift space at the output of the traveling-wave tube, with different 
potentials in this space. As far as we know, there is no theoretical and experimental work 
on this phenomenon in the literature. The published articles study electron bunching inside 
the retarding system of traveling-wave tubes. In our work on the nonlinear theory of 
traveling-wave tubes when the effect of the space charge is negligible [6], it is shown that 
the stream in these tubes has large harmonic components. The nonlinear properties of 
traveling-wave tubes taking into account the space charge are studied most completely in 
[7] and [8], but the beam harmonics are not considered in these works. The harmonics 
which appear when electrons are bunched in the drift space have been considered in the 
theory of klystron frequency multipliers for the case of initial velocity modulation of the 
beam [9]. Article [10] presents the nonlinear theory of electron bunching in two-cavity 
klystrons. The space charge forces are taken into account by means of a disc model of 
the electron beam. It is shown that the change in the amplitude of the harmonics along 
the beam has the form of a standing wave caused by the plasma oscillations in the beam. 
For a narrow beam, the wavelength of the standing wave depends on the number of the 
harmonic and decreases for higher harmonics. 

The theory of the bunching of electrons in klystrons is generally not applicable to the 
description of the bunching in the flow at the output of traveling-wave tubes, since such a 
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stream contains initial current oscillations, at both the fundamental frequencies and at har- 
monic frequencies which are not taken into account in the theories. Modern traveling-wave 
tubes use electron beams with a current density of the order of 0.1 to 1 amp/cm2 and more. 
The electric length of the traveling-wave tubes of the first cascade of multipliers, as well as 
of the following cascades, is equal to several times the wavelength of the plasma oscillations. 
Accordingly, an experimental study of the bunching of electrons in a beam which has emerged 
from a traveling-wave tube and moves in a drift space over distances much greater than the 
wavelength of the plasma oscillations, for various potentials of the drift space, is worth under- 
taking. The results obtained in this way can be used in examining the bunching in multistage 
tubes, for instance, in the helix of the traveling-wave tube in the second stage. 

There are different methods for studying the amplitude of the alternating current com- 
ponents along a beam. Of these methods, the method using a movable probe is most applicable 
for the study of electron bunching. This method was used in a number of studies, for instance 
in [11], where a mobile resonator was used to study the waves in an electron beam. We used 
a similar method, but in distinction to work [11] we used a nonresonant wideband system to 
separate the energy of the harmonics. 


1. EXPERIMENTAL TUBES AND MEASURING APPARATUS 


Electron bunching in the beam at the output of a traveling-wave tube was studied by 
separating the third current harmonic with a movable probe. Fig. 1 shows the design of the 
experimental tube. The electron buncher is a traveling-wave tube (A= 30 cm). The electron 
bunching begins under the action of the field of the helix of the traveling-wave tube and con- 
tinues in the drift cylinder. The tube uses a hollow beam of electrons, produced by a ring 
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Fig. 1. Experimental tube: 1 — electron gun; 2 — helix of the traveling-wave 
tube; 3 — drift cylinder; 4 — moving probe; 5 — solenoid; 6 — input of the 
traveling-wave tube; 7 — output of the traveling-wave tube; 8 — output for 

the harmonic signal; 9 — cylinder of the moving device, made of a magnetic 
material; 10 — auxiliary solenoid. 


cathode placed in the longitudinal field of the solenoid. The area of the emitting surface of the 
cathode is 2.2 mm2; the external diameter of the beam is 3.2 mm and the internal diameter 
2.6 mm; the ratio of the diameter of the spiral to the average diameter of the helix to the 
average diameter of the beam is 2.2; the diameter of the helix is 8 mm; its pitch is 1 mm 
and its length 185 mm. The tube has a coaxial signal input and output. The electron beam 
goes from the output of the traveling-wave tube to a drift cylinder having an internal diame- 
ter of 8mm. The distance between the helix and the drift cylinder (8 mm) is smaller than 
the length of the target waves at the fundamental frequencies. Inside the drift cylinder a 
circular probe 4.2 mm in diameter is moved, this probe being centered by means of a glass 
ring which is fitted about it. The distance / from the end of the helix to the front of the probe 
can be measured. This distance can be changed from / = 0 to 1 = 26 cm as the probe is 
moved. : tel 

The electron beam is focused inside the helix and the drift cylinder by the longitudinal 
magnetic field of a solenoid. The intensity of this field is 700 oersteds. The beam moves 
along the axis of the drift cylinder and is precipitated on the probe, which is an electron 
collector. A shortcoming of this method of separating the high-frequency energy is that the 
bunches in the beam emit a small amount of power (less than 1 pw) in settling. However 
the use of this method in study of electron bunching is justified by the simplicity of the 
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apparatus combined with the adequate sensitivity of the method. The probe on the drift cylin- 
der forms a coaxial line, along which the radiated energy of the beam harmonic enters into 
the output device. 

The output device is formed by a coaxial line — waveguide transition through glass. To 
supply energy from the coaxial line to the waveguide without large losses, quarter-wave coils 
are used. For correct removal of the energy of the harmonics, it is necessary that the co- 
axial line and the waveguide be carefully matched. If the matching is disturbed, a picture of 
the standing wave in the coaxial line will be recorded as the probe moves, changing consider- 
ably the picture of the harmonic signal. The matching is achieved by selecting the length of 
the coil and by adjusting the position of the plunger in the waveguide. The probe, which forms | 
the internal conductor of the coaxial line, slides inside the coil cylinder, when it is moved, 
without however, disturbing the matching. 

The moving device is formed of a steel cylinder which is attached to the probe and which 
moves in a glass tube under the action of an auxiliary solenoid. The signal of the third har- 
monic is fed from the output of the tube to a superheterodyne receiver and is indicated by a 
measuring instrument or an oscillograph screen. To take oscillograms, voltage from an AC 
circuit with a frequency of 50 cycles is fed simultaneously to the horizontal deflecting plate of 
the oscillograph and to the drift cylinder or the helix for modulating the constant voltages. 
The potential of the probe is always equal to the potential of the drift cylinder, and the poten- 
tial of the drift cylinder can be changed within broad limits. 


2. OPERATING CONDITIONS OF THE TRAVELING-WAVE TUBE 


The measurements were conducted at a beam current I= 3.5 ma and with a potential of 

the helix Ug = 500 v. The wavelength of the oscillations supplied to the input of the traveling- 
wave tube was equal to 28.5 cm and the wavelength of the third harmonic to 9.5 cm. Figure 2 
shows graphs giving the dependence of the electronic amplification of the traveling-wave tube G 

6 db adbm and the power of the third harmonic signal at the output of the 

é |-40 traveling-wave tube P on the power of the input signal Po. The 
4 p, graph for the power of the third harmonic was obtained with 
3 Fig. 2. Dependence of the electronic amplification in the 
traveling-wave tube G and the power of the third harmonic 
4-69 signal in the plane of the end of the helix (7 = 0)P on the 
1 signal power on the input of the traveling-wave tube Po. 
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the probe placed in the plane of the end of the helix, 7 =0. The graph characterized the 
operating mode of the traveling-wave tube for different values of the power Po. For values of 
Po less than 2 mw, nearly linear operation occurred in the traveling-wave tube. The amplifi- 
cation differs insignificantly from the amplification of small signals, and the power of the third 
harmonic is much less than the maximum. For power Pog greater than 2 mw, the operation is 
nonlinear. The amplification falls as Pg decreases and reaches a first minimum at Pg = 36 mw 
The third harmonic signal in the plane of the end of the helix reaches a first maximum at 
Po = 10 mw. If the power of the signal at the input is greater than 10 mw, the amplification 
and the power of the third harmonic change irregularly as Po increases. 


3. ELECTRON BUNCHING IN THE DRIFT SPACE FOR DIFFERENT OPERATING CONDITIONS 
OF TRAVELING-WAVE TUBES 


Figure 3 shows the results of measurements of the power of the third harmonic signal 
along the electron beam emerging from the traveling-wave tube. The measurements were 
conducted at a beam current of 3.5 ma, a potential of the drift cylinder Ug = Uc , 500 v, and 
a magnetic field of 700 oe, for several operating conditions of the traveling-wave tube charac- 
terized by the signal power at the input Pg (see Section 2). The abscissa in Figure 3 indicates 
the distance from the probe to the helix (in centimeters) while the ordinate shows the power of 
the third harmonic signal (in decimals in terms of 1 milliwatt). The dependence of the harmonic 
signal on the distance generally presents a very broken picture. Curves 3 and 4 are envelopes 
described through the maximum of the curve and characterize the main dependence of the 
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power of the harmonic on the bunching systems. When the signal at the input of the traveling- 
wave tube is less than 0.5 mw, the traveling-wave tube operates linearly and the power of the 
third harmonic in the beam is very small over the entire length of the beam and it is sufficient 
for clamping at the output of the receiver. Curve 1, Figure 3 corresponds to a power Po = 

= 0.5 mw. The maximum values of the power of the harmonic occur at distances J = 8-12 cm. 
When the input signal is Pp = 2 mw, the power of the harmonic is one order higher, and the 
maximum is shifted in the direction of greater distances. 


Figure 3. Dependence of the power of the 
third harmonics in electron beam at the 
output of the traveling-wave tube on the 
distance / along the beam for different 
power levels of the signal at the input of 
the tube. 

Ug = 500 v: 1—Po9=0.5 mw; 2—Po =2 mw; 
3—Po =5.5 mw; 4—Pp =10 mw; 5—Po = 
36 mw; 6—Po =58 mw; Ug = 490 v: 7— 
Pp =0.5 mw; Ug = 550 v: 8—Po =0.5 mw. 
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Since the maximum of the harmonic must correspond approximately to the case of 
greatest bunching of electrons, the greatest bunching for Pg = 0.5 mw occurs at distances 
1-8 -12 cm, while for P9 =2mw—14 cm. With further increases of the input signal, the 
power of the harmonic increases and the maximum begins to shift toward smaller J. 

For Pg = 5.5 mw, the maximum occurs at! = 10 cm. For Pg = 10 mw, the curves of this 
power of the harmonic have several maxima (Curve 5 for Po = 36 mw and curve 6 for Po = 
= 58 mw in Figure 3). This shape of the curves is the result of an amplification of the wave 
in the beam which is connected with electronic plasma oscillations. 

Let us evaluate the distances / for Figure 3 in terms of the wavelength of the plasma 
oscillations of the space charge of electrons. On the basis of experimental, it is shown in 
Section 6 that the wavelength of the delayed plasima oscillations is given by the formula 


Ay = 9.5 - 10°U, 


for Pg = 36 mw, Ug = 500 v, and a wavelength of the third harmonic A3 = 9.5 cm. Fora 

drift potential Ud = 500 v, Ag = 4.8 cm and the frequency of the plasma operations is 

fy = 280 Mc. A change in the potential Ug within the limits of 300 - 1300 v changes Ag within 
the limits of 2.9 -12.3 cm. For the fundamental oscillations the wavelengths of the plasma 
oscillations is greater: for Ug = 500 v and Ag = 15 cm and fy = 90 Mc. Thus the bunching of 
the electrons and the formation of the third harmonic, as described by the curves in Figure 3, 
occurs at distances somewhat greater than the wavelength of the plasma oscillations in the 
beam. At these distances, when the traveling-wave tube is in nonlinear operation (Pg > 2mw), 
the maximum value of the power of the harmonic in the plane of the exit and of the helix. 


4, ELECTRON BUNCHING IN AN ACCELERATED OR DECELERATED BEAM 


Figure 4 shows a graph giving the dependence of the signal power of the third harmonic on 
distance for potentials of the drift space not equal to the potential of the helix of the traveling- 
wave tube Uc = 500 v). For small potentials Ug, the maximum of the harmonic power and, 
consequently, the formation of electron bunches occur at small distances from the helix (Curve 
1: Pg = 0.5 mw, Ug = 100 v; Curves 2, 7, 9, 11: Pp =0.5 - 10 mw, Ug= 200 v). As the 
potential of the drift space is increased, the region of existence of the harmonic is observed 
to shift in the direction of greater distances (Curves 6,8 - 13 for Ug = 900 v, Pp = 0.5-36 mw). 
This shift is seen more clearly in Curves 1 - 6 for Po = 0.5 mw, Ug= 100 - 900 v. The curves 
for the harmonic power as a function of distance (Figures 3 and 4) which were obtained for 
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Figure 4. Dependence of the power of the third 
harmonic in electron beam at the output of the 
traveling-wave tube on the distance / along the 
beam for different potentials of the drift cylin- 
der and different power levels of the signal at 
the output of the traveling-wave tube. 
Pp —0.5 mw: 1—Ug =100 v; 2—Ug = 200 v; 3— 
Ug =400 v; 4—Ug =500 v; 5—Ug =600 v; 6— 
Ug =900 v; Po = 2mw: 7—Ug =200 v; 8—Ug = 
900 v; Po =5.5 mw: 9—Ug =200 v; 10—Ug = 
900 v; Po = 10 mw: 11—Ug =200 v; 12—Ug = 
900 v; Po =386 mw: 13—Ug =900 v 


operation of the traveling-wave tube with Pg <10 mw are characterized by one main maximum. 

Each value of the power and the potential corresponds to a definite position in the maxi- 
mum. The same conclusion can be drawn from oscillograms from the third harmonic signal 
as a function of the potential of the drift cylinder (Figures 5 and 6). For nearly linear opera- 
tion of the traveling-wave tube as an amplifier, the oscillogram shows one major maximum 
standing out for many small peaks. This maximum shifts toward higher drift potentials as 
the probe is moved to greater distances. When the signals at the input of the traveling-wave 
tube are large (Pp > 10 mw), the electron beam is strongly current- and velocity-modulated. 
On the oscillogram of Figure 6 which correspond to this type of beam, many maxima are 
observed. This is connected with the existence of plasma amplification of the oscillations 
in the beam (see Section 6). 

The stability of the signal amplitude at the output of a frequency multiplier is connected 
with the brokenness of the curves on the oscillograms. The greatest stability, i.e., the least 
sensitivity to fluctuations of the voltage Ug, is obtained in operating conditions corresponding 
to least brokenness of the curve. This case corresponds, for instance, to the oscillograms 
of Figure 5 for Pg equal 5.5 mw and Z = 0 - 6 cm, and of Figure 6 for Po = 10 mw and / =0. 
The least stability will occur under operating conditions characterized by oscillograms 
similar to the oscillograms in Figure 5 for Pg = 2 mw and in Figure 6 for Pg = 36 mw. 


5. AMPLIFICATION OF WAVE FOR A RETARDED ELECTRON BEAM 


It is shown in [12] that when the electron beam is decelerated, amplification of the ac 
waves and the velocity waves is observed, An experiment with a tube having a movable probe 
made it possible to trace the change of the amplification of the current wave of the third 
harmonic along the beam, which was retarded in the section containing the helix plus drift 
cylinder. The oscillograms of Figure 5 point to the existence of a rapid, almost discontin- 
uous increase of the amplitude in the third harmonic as soon as the potential of the drift 
cylinder becomes smaller than the potential of the helix (Uq < Ug = 500 v). Amplification 
during deceleration is observed only under nearly linear conditions of operation of the 
traveling-wave tube. On the oscillograms, amplification appear most clearly at a power of 
the input signal Py = 0.5 mw and less clearly at Po = 2 mw (Figure 5). For Po > 2 mw, no 
large amplification is observed during deceleration. It can be seen from the oscillogram in 
Figure 5 that amplification during deceleration leads to an increase in the harmonic signal 
for potentials of the drift cylinder 300 v < Ug < 500 v at drift distances greater than the plasma 
wavelength in the beam. The greatest amplification of the power of the harmonic is 5 db 
(Figure 5) for Po = 0.5 mw and 2 =16 cm. When the probe is moved to a distance I > 16 cm, 
the reverse is observed — the waves in the decelerated beam are attenuated. Characteristic 
oscillograms showing the appearance of a minimum are given in Figure 5 (Po = 0.5 mw, 

1 = 24cm; Po = 2 mw, 1 = 16 cm; Pp = 5.5 mw, I = 26 cm). 
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of 0.5, 2, and 5.5 mw at the input of the traveling-wave tube. 
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Oscillograms of the third harmonic signal for signal powers 
of 10 and 36 mw at the input of the traveling-wave tube. 


In an accelerated electron beam, attenuation of the amplitude of the harmonic occurs at 
small distances / and amplification occurs at L. The existence of attenuation explains the 
rapid decrease of the ordinate of the oscillogram curves in Figure 5 when the potential of the 
drift cylinder increases beyond 500 v, as well as the occurrence of a minimum of the harmonic 
signal in some region of the potential greater than 500 v. The minimum is clearly seen on 
the oscillogram for Pg = 0.5 mw and / = 16 cm (Figure 5). Amplification of the harmonic 
signal for Ug > 500 v is observed on the oscillogram (Figure 5) for Pp = 2 mw, / = 16 cm, and 
Po = 5.5 mw, 1 = 26cm. The change of the power of the third harmonic along the beam for 
Po = 0.5 mw is shown in Figure 3 (Curve 1 for an unaccelerated beam Ug = 500 v, Curve7 for 
a decelerated beam Ug = 490 v, Curve 8 for an accelerated beam Ug = 550 v). As compared 
with an unaccelerated beam, there exists amplification of the wave in the section / = 0-17 cm 
in a decelerated beam, while in an accelerated beam there is attenuation in the section. For 
1 > 17 em, the reverse is observed: attenuation of the waves in a deceleration beam, and 
amplification of the waves in an accelerated beam. The amplification of the harmonic signal 
in a retarding field can be used, for instance, in traveling-wave tube frequency multipliers, 
since the first stage of the multipliers operates néarly linearly [1, 2]. 


6. PLASMA AMPLIFICATION OF THE POWER OF THE THIRD HARMONIC ALONG THE 
BEAM FOR LARGE SIGNAL LEVELS AT THE INPUT OF THE TRAVELING-WAVE TUBE. 


It was noted in Sections 3 and 4 that, at large signal levels at the input of the traveling- 
wave tube (Pg > 10 mw), the power of the third harmonic is observed to increase with the 
distance in the beam. Let us examine the oscillograms of Figure 6 for Pg = 36 mw. These 
oscillograms have peaks which depend quasi-periodically on the voltage Ug. These peaks 
appear, starting at a distance / = 6 cm, and the amplitude increases with increasing /. The 
periodicity of the recurrence of the peaks is disrupted somewhat by the existence of minute 
fluctuations of the oscillogram curves which are related to the pulsation of the diameter of 
the electron beam in a magnetic field. However the general nature of the periodic variation 
appears quite distinctly. The periodicity with respect to the voltage Ug is accompanied by a 
periodicity with respect to the position 7, shown in Figure 7 for drift potentials Ug = 700 v 
and Ud = 900 v. The picture recalls a picture of standing waves. The length of a standing 
wave, equal to the distance between the peak maximum, increases with increasing potential 
of the drift space. 

As the drift distance increases, the amplitude of the standing wave is seen to grow, 
i.e., the power of the third current harmonic increases. The greatest increase occurs for 
potentials Uq greater than the helix potential Ug = 500 v. The maximum of the harmonic 
signal appears at a potential Ug = 800 v and a drift distance / = 23 cm. The power of the 
harmonic at the maximum is approximately one order higher than the power of the harmonic 
in the plane of the end of the helix (1 =Q). This phenomenon was studied for different values 
of the signal power at the input of the traveling-wave tube up to P9 = 150 mw. The general 
nature of the periodic variation of the amplitude of the harmonic signal with distance and 
voltage was found to remain constant. The power of the harmonic was approximately the 
same as in the case Pp = 36 mw. Let us note that for large signals (Po = 10 - 150 mw) the 
amplification in traveling-wave tube is close to unity, and the tube operates under the con- 
dition of the given field. 

To explain the mechanism of the amplification of the harmonic signal, we conducted an 
analysis of the corresponding oscillograms and graphs to determine the wavelength of the 
oscillation producing a standing wave. For the case where the power of the signal at the 
input of the traveling-wave tube was equal to 36 mw, we obtained the relation A =9.5- 103Ug, 
where A is the required wavelength (in centimeters) and Ug is the potential of the drift 
cylinder (in volts). This relation is correct for small drift distances 1 << 15cm. For 
i >15 cm, A is observed to decrease with increasing 7. The value of A depends on the 
power Po, and as this power increases A decreases. This is illustrated by the relation 
A = 8,.4°10-38Ug, which is obtained for Pg = 58 mw. 

We evaluated the wavelengths of the electron plasma oscillations in the beam, taking 
into account the finiteness of the transverse dimensions Ag of the beam. For Aq, there 
exists the equation Ag=A /p [14], where p is the reduction coefficient and A. is the 
wavelength of the retarded plasma operation of an infinitely wide beam. \, = vo/f,, and 


(2 tfp)? Ope jo/eoVo where vo is the average velocity of the electrons, fp is the 
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; frequency of the plasma oscillation, » is the ratio of the charge of electrons to its mass, 
€g is the permittivity of free space, and jo is the average current density. The value of jo 
can be determined only approximately, as 0.2 amp/cm2 for a beam current I9 = 3.5 ma. The 
values of the coefficients p for a ring-shaped beam in the drift cylinder are given in [13]. 
For the fundamental operation Ap = 25 cm) at a drift potential of 500 v, we find p=0.15. For 
the third harmonic (A3 = 9.5 cm) at Ug = 500 v, we have p = 0.46, while p = 0. 40 at Ug = 800 v. 
The calculations made in a broad range of potentials Ug gave values of \, approximately twice 
as large as the values of \. For instance, for the third harmonic at Ug = 500 v, we have 
A = 4.8 cm and Ag = 11cm. However, it must be remembered that the values of A,, were 
found from the equations of a linear theory, which is correct for beams with small modulation 
of the current. Compared to such beams, the beam bunched in the drift cylinder of the output 
of the traveling-wave tube for large signal levels is quite nonlinear, and the frequency of the 
plasma oscillations in it is higher and the wavelength Ag smaller. Accordingly, it can be 
ame that the standing waves of length A are the standing waves of the electronic plasma 
oscillations. 
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Fig. 7. The change of the power of the third harmonic with 
distance 7 along the beam for potentials of the drift cylinder 
of 700 and 900 v (Po = 36 mw). 


In small signal operation, there are no standing waves of plasma oscillation (Figures 
3-5). At the output of the traveling-wave tube, one slow space charge wave exists in the 
electron beam. In large signal operation, (of the given field), both space charge waves are 
excited, and a picture of standing waves with increasing amplitude is observed (Figures 6 
and 7). The increase of amplitude is observed only under the conditions that the beam is 
sufficiently narrow, i.e., only if its transverse dimensions are smaller than the wave- 
lengths of the retarded amplified oscillations (for p < 0.5 and Ug > 500 v). The phenomenon 
we are considering is apparently analogous to the increase of the amplitude of harmonics 
with distance in beams with initial oscillation of velocity (described in articles [14, 15]). 
Indeed, in the case of velocity modulation, the increase of the amplitude of the harmonics 
occurs only in narrow electron beams and is manifested as an increase of the amplitude of 
the standing wave of the electronic plasma oscillations. In the above-mentioned articles, 
the phenomenon is treated as parametric amplification with low-frequency pumping at the 
frequency of the fundamental component of current. 


CONCLUSIONS 


1. The method of extracting the energy of harmonics which was used in the experimental 
tube to study the phenomenon of electron bunching and which is based on the radiation of 
electron bunches near inhomogeneities is simple and sufficiently sensitive. 

2. The maximum values of the power of the third harmonic are obtained in distances 
greater than the wavelength of the retarded plasma oscillations in the beam. During small 
signal operation at the traveling-wave tube input, the dependence of the harmonic power on 
the distance and on the potential of the drift space is characterized by one major maximum 
and does not contain standing waves due to modulation by plasma oscillations. 

3. The maximum values of the power of the third harmonic of the bunched beam in the 


drift space are smaller than the maximum value of the harmonic power in the traveling- 
wave tube. However the difference does not exceed 4 db. 
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4, By changing the potential of the drift space, it is possible to shift the region of existence 


of the harmonics to different distances from the helix of the traveling-wave tube. 


5. For a large signal level at the input of the traveling-wave tube, plasma amplification of 


the waves appear in the beam. This leads to an additional increase of the power of the har- 
monic signal by approximately one order. 


6. At potentials of the drift space smaller than the potential of the helix of the traveling- 


wave tube, the deceleration of electrons in the section containing the helix plus drift cylinder 
makes it possible to obtain additional amplification of the harmonic signal in the beam. 


7. The oscillograms showing the variation of the harmonic signal with the drift potential 


make it possible to estimate the stability of the operation of the multiplier with respect to 
fluctuations of the potential under different operating conditions. 
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FOCUSING THE ELECTRON BEAM 
IN A TRAVELING-WAVE TUBE 
BY A PERIODIC ELECTROSTATIC FIELD 


A.L. Igritskiy 


A method is proposed for computing the trajectories of electrons in solid or hollow electron 
beams in a traveling-wave tube with a periodic electrostatic field produced by bifilar spirals. 

A differential equation for the trajectory of an electron is derived and it is integrated for 
the more difficult case — that of a hollow beam. With certain changes, the equations obtained 
are applicable to solid beams. 

The condition for optimal focusing is derived. When this condition is satisfied, the 
boundary trajectories of the hollow beam are approximately parallel to the axis of the tube, or 
(the case of a solid beam) the undulation of electron trajectories at a given radius is small. 

It is shown that a periodic electrostatic field can be a "transformer" of the cross section 
of the hollow beam. It is demonstrated that periodic electrostatic focusing of a solid beam is 
also possible in the case where an ordinary electron gun with a beam of electrons with uniform 
velocity is used. 


1. DERIVATION OF THE DIFFERENTIAL EQUATION FOR THE TRAJECTORY 
OF AN ELECTRON IN A HOLLOW BEAM AND ITS INTEGRATION 


To focus a hollow beam, a biperiodic focusing device [1] is used, the circuit of which is 
given in Figure 1. This device consists of two bifilar spirals, between which the ring-shaped 
beam passes. For simplicity, we shall consider that the two bifilar spirals have the same 
pitch L and the same potential difference 2V¢ between strips. The average potential of both 
spirals is equal to Vg. The potential distribution in the space between the spirals is deter- 
mined for this case in [2], and is represented by an infinite series. If we retain only the first 
term of this series, the other terms being small, we can write for the potential distribution 


Vir; Q; 2) =V,+V (r)cos (2—g), (1) 
where 
Vine 
4V, sin x [ms (= r2) — ky (= n)| I, (= r)— i (F rs) Pe (= rs)| Ky (= r) Ee (2) 
a 1a) (En) HERE) 
ervey. 


In Eqs. (1) and (2), « is the ratio of the distance d between adjacent turns of the spiral to the 
period L of the electrostatic field, which is equal to the pitch of the bifilar spiral; lj and Ky 
are modified first-order Bessel functions of the first and second kind; r is the outer radius 
of the inner spiral; rg is the inner radius of the outer bifilar spiral; and ¢ is the angle of 
rotation about the z-axis, which is the axis of symmetry of the traveling-wave tube. In the 
given case, the electric field depends on the angle g and is not axially symmetric. There- 
fore, it is necessary to consider the motions of the electrons in the electrostatic field along 
the three cylindrical coordinates, r, @ and z. 


857 


These equations have the form [3] 


“c ae. av = 3 

PTO = Nae a nL, (3) 
ee ally 

rg + 29r = = a . (4) 

z= 0 (5) 


ty) 


Here the dots indicate derivatives with respect to time; V is the electrostatic potential 
determined from Eq. (1); is the ratio of the electron charge to its mass; Ey is the radial 
component of the intensity of the electric field produced by the space charge of the hollow 
beam. This radial component can be determined from 
the equation [1] 


Te pas Seam iia wecireere at el re roel Ue) (6) 
[ ki ie fave Mp is) tale slat dr 2eqrvz 
Pu * where j is the density of the current in the beam; v, is 
| he |S 2 2  _Z_t_=sthee axial velocity of the electron; “<) is the-permittivity, 
. ee "2 == =.= © of free space; and re is the equilibrium radius at which 
the field of the space charge is equal to zero. 
Fig. 1. Circuit of a biperiodic We shall consider that the strips of the inner and 
focusing device outer bifilar spirals which are located opposite one 


another are at the same potential. Then the equilib- 
rium radius can be found from the equation [1] 


f m) LS ay 9 ri og (4.2 2 
(ein? pouee la =) iegoulae ae (7) 


where Yo and rj are the outer and inner radii of the hollow beam respectively. 

Let the current be distributed uniformly across the beam and suppose that the electron 
trajectories do not intersect in the process of motion. Then, from eq. (6), in terms of the 
absolute value, 


Pe. anh 
i a A oe) pe = = Gomi, (8) 


where I; is the part of the current passing in the space between the cylinder of radius re and 
the cylindrical surface obtained by rotating about the z-axis the trajectory of an electron which 
passes through a point with coordinates (r; z). This current will be constant, since no elec- 
trons pass in or out of the lateral surface of the above-defined space. If the value of Ey is 
substituted from (6) into (3), a nonlinear differential equation will be obtained. To make this 
equation linear, we shall consider small changes of the radius of the beam about some value 
ry = const, equal to the radial coordinates of the electron in entering the periodic device: 


r=ry(1 +4), (9) 
where <1. To simplify the problem, we shall also assume that the angular velocity of the 
electron ¢ resulting from the asymmetry of the field is a small quantity close to zero. Under 


this assumption we can neglect the higher order term rq? in eq. (3). Let us expand the poten- 
tial V(r) in eq. (2) into a Taylor series of powers of ry6 in the neighborhood of r = Ty: 


V(r) =V (ry) + (ry) ry + SV" (ry) 728? +... - (10) 


Here the primes indicate derivatives with respect to r. Using (6), (8), (9), (1), and (10), in 
combination with the above remarks, Eq. (3) can be written in the form 
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eo nl, : 2m nl Von) (11) 
fo) aye, + De as V ” . Se 22 by a) Vv 2m 
| tet HV” (ry) cos 7 v)|6 orate 5 cos (+ Z ®)- 
In the terms of Eq. (11) which have a double sign, the plus sign corresponds to the trajec- 
tory of an electron which enters the periodic field with a radial coordinate fy >fe, or the 
minus sign corresponds to an electron which enters the field with the coordinate Ty < es 
Considering the cross section of the electron beam at the entry to the periodic electrostatic 


field, let us express the current Ir in terms of the total current I¢ of the hollow beam, and let 
us define 


pV2t¢ re 


BY = 


; (12) 


*/ay7"/2 2 2 2 
weeny 6 My Fo = tt 


To transform to the differential equation of the trajectory, let us replace the derivatives with 
respect to time in (11) by the derivative with respect to the z-coordinate. In the given case 
the electron velocity changes along the z-axis as a result of the periodic electrostatic field; it 
follows that 

eek ae dv, db 


2 dg “2 “dz dz° 


(13) 


We will then obtain an equation which will contain the first derivative d5/dz. To eliminate the 
term with the first derivative, let us use a function y defined by 


6 = ve hy. (14) 


As a result of the transformations, we have 


2 2 3 " (» 
ay , { dv, 4 ; bile “e nBy, v9 ’ WV ry) fake Qn °) 12 
ds? * | 442\ dz | 2v, dz* ~~ BV» \v, oe L 


nBy, nV’ (ry) 
ae Be Al =) x 
a= 35 Br Pez fp vy" cos ( 


(15) 


20 

iB i 9) é 

The electron velocity vz can be expressed in terms of the potential, and if we take into account 
(1) and (10), it will be equal to 


V 2m 


ay, eos (Z2—a) | a6) 


v2 = VW = 09| 1+ 


In the derivation of Eq. (16), it is assumed that V(ry)/Vo «1. The velocity vg can be deter- 
mined from (16) by setting V = Vo. We shall regard the ¢ in the cosine term as constant, 
taking it to be equal to the value of gy at the entry to the periodic field: = py= const. If we 
change the independent variable by the substitution 


— (17) 
and substitute (16) into (15), after a series of transformations we will finally obtain the following 
differential equation: 


dy 
at 


+ (a — 2q cos 2t) y = b + 2pcos 2t. (18) 


In equation (18), the following notation is used: 
nBy / L ° 
a=tan(q)° (19) 
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(20) 
(21) 


(22) 


Equation (18) is an inhomogeneous Mathieu differential equation. The coefficients of the 
equation, defined by formulas (19) - (22) are constant for the given electron trajectory with an 


entry radius r= ry. However if the entire hollow beam is con- 
sidered, ry will change in it from rg to rj, and accordingly the 
coefficient of the equation will change. As known from [4], a 
Mathieu equation can have stable and unstable solutions. The 
nature of the solution is determined from a stability diagram, 
given in Figure 2, for the coefficients a andq. It is seen from 
Eqs. (12) and (19) as the entry radius ry changes from ro to rj; the 
coefficient a will change from a positive value ay to some negative 
value aj, and that at ry = re it will be equal to zero. The coeffi- 
cient 2q also varies as ry changes. This variation of the coeffi- 
cient a makes it possible to conclude that a stable hollow beam 
will be obtained if all the electron trajectories correspond mathe- 
matically to the zero stability zone of the Mathieu equation n = 0, 
found by the curves ag and bj. 

The general solution of an inhomogeneous Mathieu equation is 
given in article [5]. For simplicity, we shall consider the trajec- 
tory of an electron which enters a periodic field at a maximum 
with a radial coordinate r = ry, moving in the plane ~ = 0 parallel 
to the axis of the tube. The initial conditions can then be written 
in the form (for Ze = to = 0) 


(23) 


N 
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\\ 
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Fig. 2. Stability diagram 
for Mathieu functions 


According to [5], the solution of Equation (18) for these initial conditions with n = 0 will 


be as follows: 


Y (t) = Yq COS BE + y,_, vos [(B — 2) #] + y,,, cos [(B + 2)t] +y, + 
+ Yo COS 2t + y, cos 4t. ee) 
In Eq. (24), the following notation is used 
4 
Uy = Fe [¢§ (Ao — Bo — Do) + eoc_2 (A4 — BL De) et (25) 
+ CoC42 (A; — B, — D,)], 
1 
Yo» = @ CoC—2 (Ay — By — D,), (26) 
1 
Us = re CoC+2(Ay — By — D,), (27) 
Yo a c2Ag + CyC_p (Bo sp De 1) -F CoC+2 (B, ae Dy)); (28) 
ire | 
Y= a [c? (Bo T Do) CyC—g (alg + A_,) — CyC+2 (Ay Pain A le (29) 
Y,4 = = (eee 2(Do ahs 1p )+ CoC-t2 (Bo ae D,)i, (30) 
= op + 2 [eoc_e(B — 1) + cye4o(B -+ 1)], (31) 
ae a— , oa +7 a 
3 , (2a@—ip— es 32 (a—-1)8(a—4) at : (32) 
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The coefficients co, c_9, and c+2 are found from the recursion formula 
La — (27 + B)?] Cor — g (Cop—p + Cop +2) = 0. (33) 


The coefficients, A, B and D which appear in Eqs. (25) - (30), depend on the inhomogeneou: 
part of the Mathieu equation. In the given case, according to [5], 


pt, b oa pP Pp 
Ree ee ee, 
b 
A= 7 eS ee 
b P Pp 
ee. ee Cr (34) 


If we have an equation for y, the undulation of the beam can be determined from (14). For 
this it is sufficient to set vz = vo. 


2. EXAMPLE 


Let us compute the configuration of a hollow beam in a traveling-wave tube by periodic 
focusing. The electrostatic field is produced by two bifilar spirals, having the following di- 
mension (see Figure 1): rj =3mm, r2=5mm, Lj = Lo = L= 2.8mm, dj =dg2=d=0.8mm. 
The potential difference between terms is identical for the two spirals and is equal to 2V¢ = 
= 550 v. In the electron gun, the electrons are accelerated by a constant voltage v = 1800 v. 
The beam current is Ip = 4: 10-3 amp. At the entrance to the periodic electrostatic field, the 
beam has the dimensions ro = 4.2 mm, rj = 3.8 mm. The outer boundary of the beam is 
determined by the trajectory of an electron having a radial coordinate ry = rg at the entrance. 
Computing the coefficients appearing in (18), we obtain 


a + (2-10 — 3.58 - 107 cos 2t) y = 0.1 + 19.4 cos 2¢. (35) 


The computed values of a and q in Figure 2 correspond to the point in the zone of stability 
n=0. By determining the coefficients from (25) - (34), and by substituting their values into 
(24), we obtain y(t). In view of Eqs. (14) and (9), the outer boundary of the beam will be 
described by the equation 


; or * 2 Se (2% 
ee [! — 13.5 - 1078 cos (4 2) 40.498 - 10 cos (35 z)+ 
4 2m =3 3 eae (2% 
+. 0.486 - 1073 cos (5752) + 14.4» 107 — 1,884 - 10° cos (Fyz i (36) 


In Eq. (36), r and z are expressed in millimeters. 

The inner boundary of the beam is determined by the trajectory of an electron having a 
radial coordinate ry = rj at the entrance. This trajectory is computed in a similar fashion to 
the preceding one, but the lower sign is taken in the terms with double signs in Eqs. (19) -(22). 
In the given case, eq. (18) will have the form 


dy ‘ =5 AF. eed yard S005 Ose 116 a 47 
H+ (— 1.92» 10° — 4.17 + 10°? cos 2¢) y=—9.65- 10 16.1 cos 2t. (37) 
The computed values of a; and qj in Figure 2 correspond to a point located below the 
abscissa. Because of the small magnitude of the quantities aj and qi, it is difficult to estab- 

lish from the graph whether the solution is stable. It follows from the theory of Mathieu 
functions [4] that the boundary of stability in the given case is determined by the eigenvalue 
of the function ceg(z; q) and is represented by the equation 


1 5 a 
eaters aren (38) 
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If we substitute the value q; = 2.085- 1072, we will obtain a9 = 2.175: 1074, We see that 
in terms of absolute values | ao] >|a;| . Consequently, the solution of the Mathieu equation 
(37) will be stable. However, since the operating point on the stability diagram is close to 
the curve ag, the reserve stability of the inner boundary of the trajectory is small. Indeed, 
the disruption of stability, as in increasing the current, seems to occur on the inner boundary 
of the beam. 

Equation (38) makes it possible to explain the experimental results of Chang [1, 6], 
namely the transconductance of K=I/V ¥2 at low accelerating voltages. According to 
Equations (12) and (19), as the voltage Vy decreases, the absolute magnitude of the coeffi- 
cient a increases proportionally to 1/V 32 According to Equation (20) and (38), the eigen- 
value of the function ceg(z; q), which determines the stability, increases more rapidly, 
proportionally to 1/Vp2, as the voltage decreases. Thus, as the voltage decreases the 
reserve of stability grows and the transconductance K increases. 

The equation for the inner boundary of the beam has the form 


rip= 3.8 E lil Abd Oncos (ee 2) — (1.906 - 10 cos ne z) 2 
ee 23 5 9,45 —3 1 A FA940- : 23 
— 0.49 10° cos (5275 2) — 12.17- 10-9 +. 1.712-10°9 cos (5% 2) (39) 


From Eqs. (36) and (39), the configuration of the hollow beam in the biperiodic focusing 
device is constructed in Figure 3. This figure also shows the trajectory of an electron having 
an entry radius r,= 4.1mm. The electron trajectories do not intersect and the motion of 
electrons in the beam is approximately laminar. It is also seen from Figure 3 that consider- 
able deflection of electrons in the radial direction occurs in the process of motion in the 
periodic electrostatic field. In this connection the question arises of whether it is possible 
to select the parameters of the focusing device in a way suitable for producing an electron 
beam parallel to the axis of the tube. 
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Fig. 3. Configuration of the hollow beam in the biperiodic focusing device 
(Yo.b.= f(z) is the outer boundary of the beam, rj } = f(z) is the inner bound- 
ary of the beam, rjnt = f(z) is the intermediate trajectory with ry=4.1 mm) 


3. METHOD OF PRODUCING A HOLLOW BEAM PARALLEL TO THE TUBE AXIS 


An analysis shows that the most important contribution to the radial deflection of an elec- 
tron is made by terms containing yep and Yp- A characteristic property of the Mathieu equation 
for the case of electrostatic focusing of beams is the small value of the coefficients a and q 
(a andq «1). This makes it possible to derive simple approximate equations for yeo and Yp: 
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In view of the smallness of the quantities a and q, Equation (32) can be written with sufficient 
accuracy in the form 


ba (a+$) (40) 


Because of the smallness of the coefficients a andq, B «1. In computing the coefficients 
C42 and c_g from (33), the coefficients c_4 and c+4 can be neglected. Asa result, we obtain 
the following equation for c_2 and ¢y9: 
tg = ty ew — Ley, (41) 
Because of the smallness of 8, Equations (34) for the coefficients A, B, and D can be 
rewritten in the form 


b 
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Fig. 4. Configuration of the hollow beam in the biperiodic focusing device 
at the optimal voltage between the spiral turn (¥9,p= f(z) is the outer bound- 
ary of the beam, and rj p= f(z) is the inner boundary of the beam. 


Substituting these values into Eqs. (25), (28) and (31), we find 


Un = —Yon= HO— FI (43) 


and Equation (24) can be written in the approximate form 


y(t) = al #2) (1 — cos Bt). (44) 


It is desirable that the radial deflection of the boundary trajectory of the beam be as small as 
possible. By setting 
YP (45) 


we obtain an almost parallel electron beam. 


863 


From Eq. (45), it is possible to determine the optimal potential difference between the 
turns of the bifilar spiral which will provide a trajectory in the outermost electron parallel to 
the axis. For this we substitute the values of the quantities defined by Eqs. (20) - (22) into 
(45). The computation shows that in these equations for q and p, the last terms are only 
small corrections, 2 to 3 orders of magnitude smaller than the preceding terms. Therefore 
they can be neglected. Thus, we obtain 


J 2r Von (+ BY) Frat" (ry) = 
(2Vj) opt = / v Er) = eso (46) 


The coefficients ©, C' and C" are determined from (2). Figure 4 shows the trajectories of 
the boundary electrons of the beam computed for the optimal voltage between the turns of the 
spiral (equal in our example to 2V¢ = 592 v). We see that the boundary trajectories of the 
beam are parallel to the axis of the tube. 

By considering Figures 3 and 4, it is easily seen that a periodic electrostatic field whose 
length along the z-axis is L/8 can serve as a special transformer of the cross section of a 
hollow beam. Indeed, the cross section of the beam at the outlet of the periodic field can be 
made larger, smaller, or equal to the cross section at the entrance. The electrons which 
enter the periodic electrostatic field traveling parallel to the axis of the system at the exit 
will also lie approximately parallel to the axis. For the cross section of the beam at the 
exit to be equal to the cross section at the entrance, it is obviously necessary that the opti- 
mal voltage be applied between the strips of the spiral (see Figure 4). If the voltage between 
the strips of the spiral is somewhat smaller than the optimal voltage, the cross section of 
the beam at the exit will be greater than at the entrance (see Figure 3), and vice versa. 


4. FOCUSING A SOLID BEAM WITH A BIFILAR SPIRAL 


Figure 5 shows a bifilar ribbon spiral for periodic electrostatic focusing of a solid 
electron beam [7]. The potential distribution inside the spiral can be computed from the 
equation [2] 


Vir; @; 2) =Vy4+ V(r) cos(" hime °) , ee 


where 


ne) 
V ess on eae (48) 
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Here r, is the inner radius of the bifilar spiral, while the 
other notations are the same as above. The coefficient Be 
for a solid beam is determined from the equation [7] 
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Fig. 5. Bifilar ribbon spiral 
(the ordinate indicates r), 
2 V 21 
0 Seon Ss 

Differential equation (18) will be correct for the trajectory of an electron. In Eqs. (19) - 
(22) for the coefficient of this equation, only the upper sign should be taken in terms with double 
signs. The values of the potential, its derivatives and BE which appear in the equations 
should be substituted from Eqs. (47) - (49). Because of the small magnitude of the period L 
in the case of electrostatic focusing, the coefficients a and q are small, and therefore these 
values of a and q correspond to the zero stability zone n = 0 on the stability diagram (Fig. 2). 
We shall consider trajectories for which the initial condition (23) are satisfied. The solution 
of Eq. (18) for these initial conditions with n = 0 will be determined, as in the case of a hollow 
beam, by Equations (24) - (34). 

These equations were used to compute the trajectory of the outermost electron in a 
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traveling-wave tube with a periodic electrostatic field produced by a bifilar spiral having the 
following dimensions (see Figure 5): ra = 2 mm, L= 3.6mm, andd=1.04mm. The poten- 
tial difference between the strips of the spiral is 2V¢= 170 v. In the electron gun, the elec- 
trons are accelerated by a constant voltage Vo = 500 V. The current of the electron beam is 

=10-3 amp. At the entrance to the periodic electrostatic field, the beam has a radius 
Yo=1.6mm. The computed trajectory of the outermost electron is shown in Figure 6 
(curve a). We see that in the process of motion in a periodic field, there is a considerable 
deflection of electrons in the radial direction. 

The undulation of the trajectory will be minimum if, as in the case of hollow beams, 
equation (46) is satisfied. Figure 6 also shows the trajectory of the outermost electron for 
the optimal voltage between the strips of the spiral 2V¢ = 202 v, computed from (46), (Curve b). 
It is easily seen that the radial deflection of this trajectory is small. 
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Fig. 6. Trajectory of the outermost electron r = f(z) in the bifilar spiral: 
a — for a nonoptimal voltage between the strips of the spiral, 2Vs= 170 v; 
b — for the optimal voltage between the strips of the spiral 2V¢ = 202 v. 


The method of computing trajectories considered above is correct not only for peripheral 
electrons with an entrance radius ry = ro, but also for electrons entering the periodic field 
at an arbitrary distance r, from the axis. For this it is necessary to replace the total cur- 
rent I in the equation by the current I(r) flowing inside a cylinder of radius ry. Since the 
coefficients of the Mathieu equation 2q and 2p depend strongly on the entrance radius ry, it 
can be concluded that the motion of an electron With an entrance radius ry will differ from 
the motion of a peripheral electron. Thus,intersection of the electron trajectories becomes 
possible, and an electron emerging from the edge of the cathode will not always remain on 
the edge. 

From Eq. (45), it is possible to define the function Vg = f(r) to provide small undulation 
of electron trajectories in the beam. This function is constructed in Figure 7. The develop- 
ment of an electron gun with a radial distribution of the accelerating potential toward Figure 7 
is a complicated problem. Therefore, it is more advisable to use hollow beams having a 
small thickness in the radial direction. 

Still another method can be proposed for reducing the radial deflection. It can be seen 
from Figure 6 that the extreme value of the radial coordinate of the electron occurs at 


ik L we 
Ze Be [e A tee in Es yo e i VA) igs (50) 
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The maximum radial deflection of the electrons in the spiral of the tube can obviously be 
reduced if ze is considerably greater than the length of the spiral: ze > 1gp. From Eq. (50), 
it can be seen that it is possible to increase Ze by using a greater accelerating voltage Vo. 

Figure 8 shows electron trajectories for different entrance radii, obtained as a result of 
computation with Eqs. (44), (14), and (9) for a beam with a bifilar spiral with the same data 
as in the preceding example, with the exception of the accelerating voltage, which was taken 
equal to Vo = 3000 v instead of 500 v. The voltage across the surface of the spiral was taken 
to be somewhat smaller than the optimal voltage (320 v) and is equal to 2V¢ = 260 v. 
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Fig. 7. The dependence of.the accelerating potential on the radius, Vo = 
= f(r) for a special electron gun which makes the trajectories of all the 
electrons in the beam parallel to the axis of the tube (2Vf = 202 v, 

L = 3.6mm). 


Fig. 8. The electron trajectories r = f(z) in the beam for different entrance 
radii for the case Zy > / gp. 


Figure 8 shows that the radial deflection of the electrons of the beam is small, and that elec- 
tron trajectories are approximately parallel to one another. Thus, it is also possible to 
obtain proper focusing of a solid beam by means of a periodic electrostatic field with an 
ordinary electrostatic gun which produces a stream of electrons at the same velocity. This 
is anew result, since up to now, in accordance with article [7], this type of focusing has 
been considered impossible. 


CONCLUSION 


This article gave a theoretical analysis of the focusing of solid and hollow electron beams 
with periodic electrostatic fields. An examination of the focusing of a hollow beam gave the 
following results: 

1. A method of computing the electron trajectories in a biperiodic focusing device was 
developed. This made it possible to determine the configuration of the beam in this device. 
Consequently, it is possible to determine the probability that electrons will strike the bifilar 
spiral of the tube. It is shown that the electron beam in the focusing device is approximately 
laminar. 

2. A derivation is given for the optimal focusing condition which must be satisfied for 
the boundary trajectories of the beam to remain approximately parallel to the axis of the tube. 
It is shown that the optimal voltages for the outer and inner boundary trajectories of the beam 
are practically identical and that therefore there is no need to use inner and outer bifilar 
spirals with a different pitch or to supply them with different focusing voltages. 

3. It is established that a periodic electrostatic field with a definite length along the axis 
can serve as a transformer of the cross section of a hollow beam, making it possible to 
reduce, increase or keep constant the cross section of the beam at the exit from the periodic 
field relative to its size at the entrance. At the entrance and output from the transformer, 
the electrons move approximately parallel to the axis of the tube. 

4, As a result of an examination of the focusing of a solid beam in a periodic electro- 
static field, a method is given for computing the electron trajectories in the beam. A deriva- 
tion is given for the condition for small undulation of the trajectory at a given radius. The 
change of the accelerating potential with radius which would be required in a special electron 
gun producing an electron beam parallel to the axis is determined. It is shown that it is also 
possible to focus a solid beam by means of a periodic electrostatic field by using an ordinary 
electron gun producing a stream of electrons at the same velocity. 
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GEOMETRIC PARAMETERS OF ELECTRON BEAMS 
IN IONIC FOCUSING 


L.E. Bakhrakh, Yu.D. Zharkov 


A simplified method is used to consider thé problem of ionic focusing of electron beams 
having solid cylindrical, ribbon and hollow cylindrical shapes. The results, which are identicé 
in certain cases with the results of a more rigorous analysis, make it possible to compute 
the necessary geometric parameters of electron beams in ionic focusing 


INTRODUCTION 


Modern electronic instruments are making increasing use of sharply limited electron 
beams with a high current density and a great length. Among the nonmagnetic methods of 
focusing electron beams, the so-called method of ionic focusing presents a certain interest. 

It is known that an electron beam passing through gas at a pressure of 10-2 to 10-3 mm Hg 
can be focused under the action of the space charge of the positive ions. The qualitative 
explanation of this phenomenon of ionic focusing is that the electrons of the beam ionize the 
gas on their path. The ions formed in ionization accumulate on the path of the beam, making 
a sheeting in the form of a positive space charge, while the secondary electrons disappear 
rapidly from the beam. In addition to neutralizing the negative space charge of the electrons, 
the positive ions may also exert an appreciable focusing force. This makes it possible to 
obtain very long electron beams which are resistant to external perturbations. 

The equilibrium stage is the stage in which the number of ions formed per unit time is 
equal to the number of ions lost from the beam per unit time under the action of the space 
charge field. This condition is normally expressed by the so-called steady-state equation. 

The most rigorous quantitative investigation of ionic focusing of a cylindrical electron 
beam was conducted in the work of Davidov and Braginskiy [1]. They show in particular that 
the thermal velocity of electrons plays an extremely important role in ionic focusing, since 
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the transverse components of the thermal velocity are of the same order as the focusing poten- 
tial difference between the axis and the edge of the beam. In demonstrating this, they assume 
the law of adiabatic expansion, according to which the temperature of an electron gas changes 
when the diameter of the electron beam changes. Ionic focusing of electron beams of rectangu- 
lar or ring-shaped cross sections was not studied from this point of view. 

The present article represents an attempt to examine ionic focusing of electron beams of 
cylindrical, rectangular, and ring-shaped cross sections on the basis of a simplified method. 


1. BASIC EQUATIONS 


Usually the question of the pulsation of the edges of the focus electron beam is solved by 
considering the equation of motion of a boundary electron of the beam. For an ionically 
focused cylindrical beam of radius r moving along the z-axis, the equation of the radial motion 
of the electron on the effective boundary can be written in the form 


ar 7 . 
nip = les 


where f+ is the focusing force of the positive ion; f_ is the defocusing force of the electron 
space charge; pi is the force produced by the transverse thermal velocities of the electron; 
and m is the electron mass. 

We shall assume that the density of the space charge is constant over the cross section 
of the beam and that the wavelength of the axial variation on the surface of the beam is large 
relative to its diameter. On the basis of these assumptions, f+ and f_ can be determined 
from Gauss's theorem. 

Let us also assume that the pressure of the electron gas can be described by the equa- 
tion p = RT/V, where T is the absolute temperature, V is the molar volume, and R is the 
universal gas constant. Then the force acting on the beam's surface S, enclosing a volume 
V, will be 


7 REG 
i == 5. 


Reducing this force to the force exerted on one electron in this volume, we obtain 


where k is Boltzmann's constant. 
For the equation of state of the electron gas, let us take the adiabatic equation 


TvkK-1 const. Then, if we assume that the expansion of the beam against the forces of the 
field takes place only in the transverse direction, we can reduce this equation to the form 
ee 


- const, 
en 


where e is the charge of an electron, and n is the electron concentration. From this it 
follows that 


oe OAs x 
Gp 7” = 7,72 = const, 


where © =kT/e; rx =kT}/e; Ty is the cathode temperature, and r;, is the radius charac- 
terizing the position of the electron on the cathode. 

If we consider the above equations and assume that the axial velocity of electrons v, is 
constant, we can transform the equation of motion of the boundary electron to the form 


ar wT Tot, I _ Pre Te 


des rol a aoa 
(1) 


where p, is the average density of the ions in the given cross section of the beam, I is the 
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current of the beam, and U is the accelerating voltage. 

Equation (1) is completely identical with the differential equation for the effective radius 
of the beam in ionic focusing obtained by the more rigorous method of [1] on the basis of the 
simultaneous solution of Poisson's equation, the equation of continuity, the equation of state, 
and the kinetic equation. 

Likewise it is possible to write the differential equation for a boundary of electrons on a 
ribbon-shaped electron beam of width 2y: 


ay 2794) Le PT 
dz : ae a0 ay : (2) 
where yj is half the width of the cathode. 

It should be noted that Eq. (2) is again completely identical with the differential equation 
for the effective width of a ribbon-shaped beam which can be obtained on the basis of the method 
of Davidov and Braginskiy. 

Our method can be extended to the case of ionic focusing of hollow cylindrical beams. 
The equation of motion of electrons on the outer boundary of the beam in this case will be 


(a Po Te ro al G74 (r?. — i) 
Ed +" Or '° Ger | mye = 2 2 ? (3) 
EX (ire) ea —P) 


where rg is the radius of the internal boundary of the beam. 

By solving any of Eqs. (1), (2) and (3) simultaneously with a steady-state equation which 
characterized the equilibrium state of the bunch, it is possible to study the pulsation of the 
boundaries of the electron beams for their respective cases. 

For the cylindrical and ribbon-shaped electron beams, the steady-state equation will be 
respectively [1], [2] 


m. 
— sPyp_ 
2e Y 


eles ————— 


Vx (P+ — p_) 
Vii } Gr sPop_ 
2V2 Valer—p) ’ 
= 
where p-_ is the electron density, p, is the ionic density, s is the specific ionization, P is 
the gas pressure, m+ is the mass of an ion. 
For a hollow cylindrical beam, the steady-state condition can be written approximately 
in the form 


= 


x (r®—r3) sPp_v = p,v, 2nr, 


where V4 is the average radial velocity with which the ions emerge from the beam. This 
velocity is given by the equation 


— ul =o 2S ae 
0.== ) 2-9) = 


area ES 
Sys : Eo p_) (r? — ra) + 20 (p, — p_)?a In|, 


Santis 


where ¢, and g, are the values of the potential at the inner and outer boundaries of the beam. 
Hence, we obtain the steady-state equation for the case of a hollow cylindrical beam 
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2. PULSATION OF THE BOUNDARIES OF A BEAM 
We shall look for a solution to the equation of motion in the form 
Pip Gl a) 


y¥ = ym (1 + 4), 
r—Ta = (?m—a) (1 + 4), 


where ry and yy are the equilibrium values of the radius and the half-thickness of the beam, 
being determined from the condition 


dr COR 
dz 0 dz 0, 


where 6 «<1 isa quantity characterizing the undulation of the boundaries of the beam. 
Under the assumptions we have made, all the differential equations are reduced to linear 
differential equations of the form 


a6 | o 


dz | 07 = 0, (4) 


where the quantity w(P, U, T, s, I) determines the wavelength of the boundaries of the beam A. 
For the special cases (p,; — p-)/p > 1 and (p, — p_)/p_ «1, the wavelengths of the pulsa- 
tions are given by the following equations (see Table). 
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The solution of Equation (4) will be 


, (a : 
6 = 6(0) cos az + car sin 2, (5) 
where 6 (0) and (d 5/dz)q correspond to the initial conditions for z= 0. 

We must note that our study of ionic focusing has been made without considering the mag- 
netic forces of the moving electron beam, since it is easily shown that for nonrelativistic 
velocities (c/v > 10) the focusing force produced by the excess density of the ionic space 
charge is at least one order of magnitude greater than the force of electromagnetic attraction 
of electrons in the case of real beams. 

By studying Equation (5) it is possible to determine the dependence of the geometric 
parameters of ion-focused beams (the equilibrium radius, the wavelength of the pulsation, 
etc.) on the quantities determining the condition of ionic focusing (the gas pressure, the 
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electron velocity, the beam current, etc.). The general nature of the resulting relationships 
turns out to be identical for electron beams of different configuration. 

Figure 1 shows a curve of the change of the equilibrium width of an ion-focused ribbon- 
shaped beam of electrons as a function of pressure. The decrease of the equilibrium width 
with increasing pressure is related to the increase in the focusing force of the positive ions, 
which is in turn caused by the increase in inoization. Figure 2 gives an analogous curve for 
a hollow cylindrical electron beam. 
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Fig. 1. Fig. 2. 


Fig. 1. Curve of the change of the equilibrium width of ion-focused, ribbon- 
shaped electron beam as a function of pressure (I= 30 ma, U = 500 v, 2y,= 
= 1.2 mm) 


Fig. 2. Curve of the change in the equilibrium radius of an ion-focused 
hollow cylindrical electron beam as a function of pressure (I= 170 ma, 
U= 300 v, rm = Yk) 


Figure 3 shows the equilibrium width of a ribbon-shaped beam as a function of the accel- 
erating voltage. The increase of the equilibrium width of the beam with increasing accelerating 
voltage is caused chiefly by the decrease of the probability of ionization, with the resulting 
decrease of the focusing forces and expansion of the beam. An analogous curve is given for 
a hollow cylindrical beam in Figure 4. 
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Fig. 3. The equilibrium width of a ribbon-shaped beam of electrons as a 
function of the accelerated voltage (I= 40 ma, p= 10-2 mm Hg, 2y;, = 1 mm) 


Fig. 4. The equilibrium radius of a hollow cylindrical electron beam as a 
function of the accelerating voltage (I=170ma, p=10~° mm Hg, ity = Th) 


Figure 5 illustrates the dependence of the wavelength of the pulsations on pressure for a 
cylindrical electron beam. From this figure, it is seen that the wavelength decreases with 
increasing gas pressure. This is the result of the increase in focusing force in the beam. 

Figure 6 shows the nature of the change of the wavelength of the pulsations of the outer 
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boundary of a hollow cylindrical beam with voltage. 
Figures 7 and 8 show the amplitude of the pulsations 64, a8 a function of pressure and 
the accelerating voltage for the case of an ion-focused ribbon-shaped beam. For these curves, 
70 
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Pig. 5, Fig. 6. 
Figure 5. The wavelength of the pulsations as a function of the 
pressure for a cylindrical electron beam (U = 800 v, ry = rk) 


Figure 6. The wavelength of the pulsations of the outer boundary 
of a hollow beam of electrons as a function of voltage (I= 170 ma, 
q= 10-2 mm Hg, l'm = Tx) 
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Fig. 7. The amplitude of the pulsations as a function of the accelerating 
voltage in ionic focusing of a ribbon-shaped electron beam (I = 40 ma, 
p= 10-2 mm Hg, y=0, yr = 0.4mm) 


Fig. 8. The amplitude of the pulsations as a function of oravaiee in ionic 
focusing of a ribbon-shaped electron beam (I= 40 ma, U= 500 v, y=0, 
Yk = 0.4 mm) 


it is assumed that the beam is injected parallel to the axis (y= 0). From Figures 7 and 8, it 
follows that there exists optimal pressures and voltages at which the pulsations are minimal. 
These optimal values of the pressure and the voltage correspond to the case where the equi- 
librium width of the beam is equal to the width of the cathode. 
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THE PROBLEM OF CHANGING THE SIGNAL-TO-NOISE 
RATIO PRODUCED BY CAMERA TUBES IN A TV SYSTEM 


S.B. Gurevich 


The reduction of the signal-to-noise ratio from the input to the output of a TV camera 
tube is considered in general form. The possibilities of raising the sensitivity by connecting 
the camera tube with an image intensifier are examined. 


INTRODUCTION 


One of the most important directions of the future development of television lies in 
raising the sensitivity of TV cameras. The problem of achieving a sensitivity which is close 
to the limiting sensitivity and which is determined almost entirely by the fluctuations in the 
quanta of radiation is not at all fictitious. 

To solve such a problem, it is necessary to understand the characteristic features of the 
transformation of the signal and the noise between the input of the camera tube and its output. 
Below we shall consider in general form the changes in the signal-to-noise ratio occurring in 
different sections of camera tubes, and we consider the possibility of using an image intensi- 
fier for one of the links for the purpose of drawing considerably nearer to the limiting 
sensitivity. 


1. THE SENSITIVITY AND SIGNAL-TO-NOISE RATIO OF A TV SYSTEM 


Until recently, the sensitivity of a TV system was understood to be a quantity which was 
the inverse of the illumination of the object required for a certain given quality of the image 
in the receiver. This definition is, in fact, bound to one standard scanning system (used in 
TV broadcasting) and it cannot be extended to different television systems without the intro- 
duction of additional systems. 

A more general definition of the sensitivity of cameras is provided by a quantity which is 
the reciprocal of the minimum energy radiation for the surface of the object for which the 
television system can transmit a given amount of information about the object. This amount 
of information is determined by the number y of distinguishable quanta (thresholds) of the 
energy, the number V of separately distinguishable elements of the object, and the number 
% of states of the objects. 

In accordance with this definition, the following equation for the sensitivity G of TV 
equipment can be obtained [1]: 


, (1) 


where 


is the specific sensitivity. This specific sensitivity is the reciprocal of the energy which one 
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element of the object would have to radiate for one level of radiant energy to be distinguished 
in a real system. In the equation for the specific sensitivity, ob is the corresponding 
energy which would be required in an ideal system, while yis a coefficient characterizing the 
loss of radiant energy in optical projection of the image of the object on the photosensitive 
layer. The quantity & characterizes the change of the signal-to-noise ratio between the input 
and the output: 


where ‘jn is the signal-to-noise ratio at the input of the camera (on the photosensitive surface 
of the camera tube), and oyt is the same ratio at the output of the system. 
In regard to the camera tube, let us express g in the form 


2 


gat. | (2) 


Here & = Yé opis the radiation energy falling on one element of the image of the photosensitive 
layer, and £=woyt/ in, where Yoyt is the signal-to-noise ratio at the output of the camera 
tube rather than at the output of the system. 

From Eqs. (1) and (2), it is seen that the change of the signal-to-noise ratio which is 
caused by the camera tube and which is characterized by the coefficient ¢ is directly con- 
nected with the sensitivity of the system and the camera tube. 

The definition of the signal-to-noise ratio in a camera tube performing a series of trans- 
formations requires separate computation of the change of the magnitude of the signals and 
effective value of the noise. In the conversion of radiant energy into electric energy and of 
electric energy back to radiant energy which can occur several times, the information has 
different carriers. Thus, for the above-mentioned computations of the signal and the noise, 
it is necessary to define more closely the concept of the signal and the noise. In the majority 
of works devoted to noise in television systems and other communications systems, the 
signal* (which we denote by S) is understood to be a current changing with time or the corre- 
sponding voltage: S = i(t) or S= U(t). It is obvious that the fluctuations of these quantities 
have the same dimensions. This concept of the signal is, in particular, the result of the 
fact that in Shannon's circuit of a general system for communications [2] a source of noise is 
contained only in the devices which transmit the signal after the message has been converted 
to electrical energy. It is obvious that for the determination of the signal-to-noise ratio in 
this case it is sufficient to use some electrical quantity for the signal (for instance, the 
current or the voltage). 

In contrast to Shannon's system, in the more general case it is necessary to consider a 
system in which noise is generated together with the signal by the actual source before con- 
version to electric quantities. Moreover, it is both possible and advisable [4, 5, 6] to have 
several conversions of the radiation into electron beams and back again, during which both 
the signal and the noise will change. Consequently, it is necessary to establish a concept of 
the signal which will not depend on the physical properties of the carrier of information and 
which will make it possible to retain the proportionality of the signal to the radiant energy 
required to transmit one unit of information from the object (one nonzero gradation of energy 
in an element which is scanned once). A suitable concept of this type is the number of parti- 
cles 4 conveying information. In the case of undistorted information, this number is propor- 
tional to the number of quanta required to televise a given number of gradations, elements, 
and states of the object. If we denote the signal magnitude by S, we can write S=p. In this 
case, the square of the effective value of the noise N2 can be represented by the variance of 
the number of particles; N2 = Au2. In the case where the shot effect is present and the 
ase or Gauss distribution holds, the variance of the number of particles is equal to i, 
and thus 


Let us now evaluate € for TV camera tubes. 


*A.A. Kharkevich [3] defines the signal as the conveyor of time-dependent information. 
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2. THE SIGNAL-TO-NOISE RATIO IN TV CAMERA TUBES 


For the sake of convenience, we shall break up the camera device into a series of stages 
(see figure), in each of which the signal-to-noise ratio changes. This change occurs as a re- 
sult of changes in the signal and the noise. The signals will change in accordance with the 
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amplification properties of the stages, each of which has its own amplification coefficient. 
The changes in the noise can have a dual nature. In the case where the stage is an energy 
converter independently of whether it amplifies, attenuates or does not change the signal, the 
square of the effective value of the noise in this stage is quantitatively equal to the sum of the 
squares of the noise from the preceding stage multiplied by the amplification coefficient « and 
the noise formed in the given stage. This quantity is equal to the square root of the value of 
the signal at the output of this stage. 

In some stages, noise may also appear from extraneous sources not connected with the 
value of the signal, for instance from the scanning beam. / 

The camera receives noise together with the radiation from the beam. This noise is 
attenuated when the radiation is converted into photoelectric currents (with a quantum effi- 
ciency less than unity) and is then sometimes amplified before reaching the storage device 
(prescanning amplification). The storage device accumulates part or all of the charge, and 
correspondingly the noise and the signal are preserved or (depending on the efficiency of 
storage) are reduced. 

In scanning, all or part of the stored charge travels on as the useful signal. Simul- 
taneously with the scanning or after the scanning, post-scanning amplification through second- 
ary emission may take place. This will magnify both the signal and the noise. Finally, after 
emerging from the camera tube, both the signal and the noise are amplified and attenuated in 
various amplifier stages. 

The noise arising in each successive stage undergoes the same changes, starting with the 
stage in which it originates. We shall consider the TV camera tube as having n amplifying 


stages with amplification coefficients Cp oka Menor non 4) SOME. Ol whichsare ereater 
than unity, and the remainder of which are smaller than unity. 
We teTCOCENCLeENt SiG nicoa coset ere len denote the change of the signal-to-noise 


ratio in the corresponding stages, i.e., 


v; (3) 


It can be easily shown that these coefficients are always smaller than unity, i.e., that the 
sequence of numbers Yip, Yi, Po, +--+» Pir +++ Wns , formed from the signal-to-noise ratios 
at the output of each successive stage, satisfy the following condition: 


Yin > Yi fe > pi hn 
a tie Sin/ Njy is the input-to-noise ratio characterizing the given radiant energy). 


Let us consider the changes of the signal-to-noise ratio occurring in those converting 
stages of the camera tube in which the noise depends only on the magnitude of the signal*. 


*In real stages which convert radiant energy into photoelectric current, there is actually, 
strictly speaking, additional noise which does not depend on the signal (noise resulting from 
fluctuations in the dark current electrons). However, it turns out that in many cases this 
noise can be neglected [7]. 
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We shall suppose that there are m such stages. 

At the output of the first stage, the square of the noise Ny? will be characterized quanti- 
tatively by the sum of the squares of the amplified noise at the input Nin? a 2 and the value of 
the noise formed in the first stage. The noise formed in this stage is equal to the signal of 
the output of this stage, i.e., Sy = Sjn@}. Consequently, 


Ne Nig Mt = Sin % =2(41-- 1) Syn i 


since Nin = Sin. 
At the output of the second stage, 
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At the output of the third stage, 
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The value of the signal-to-noise ratio of the i-th stage is 
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The coefficient characterizing the change of the signal-to-noise ratio in the i-th stage is 
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It is obvious that &; can change within the limits 
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and that the inequality 
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is correct 


From Eq. (8) it is seen that the value of the signal-to-noise ratio in the given stage will 
remain practically constant (§ =1) if 
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This can occur in the case where, for instance, the amplification coefficient of the i-th stage 
Qj >> 1 (independently of the value of the remaining coefficients), or in the case where Qj is 
smali while the other coefficients are much larger than unit. If the signal-to-noise ratiois 
to change very little throughout all m stages, the product of the factors 2,583... £m = Ym, Van 
must be very close to unity, i.e. 


where 6 is a small quantity satisfying the condition 5 «1. Consequently 
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Thus, for the signal-to-noise ratio to change little between the input and the output of the 
camera, it is necessary that each term in inequality (10) be sufficiently small. This means 
that all of the denominators be much greater than-unity. For this, it is necessary first of all 
that the amplification coefficient of the first stage satisfy the condition a; = 1. If one of the 
succeeding factors (for instance, a2) is smaller than unity, the preceding factors (in the 
given case) must be sufficiently large for the product of these products and the succeeding 
factors (in the given case @}) to still satisfy the condition @|@9 >> 1. If this is not the case, 
inequality (10) (which has the form = oo 
not be satisfied. As a result, the signal-to-noise ratio will be considerably reduced in the 
second stage and will subsequently remain almost the same ore will be still further lowered. 

Thus, to approach a camera device with ideal sensitivity, it is first of all necessary that 
the amplification coefficients in the first stage be sufficiently high. 

The equations we have obtained characterize the change of the signal-to-noise ratio in 
stages in which the level of noise is almost entirely determined by the input signal and in 
which there are no extraneous sources of noise the magnitude of which does not depend directly 
on the magnitude of the input signal. As we have already pointed’out, scanning may be a 
source of such noise in camera tubes (in scanning, the beam current is not connected with 
changes in the value of the input signal). 

Let us assume that the scanning by electron beams takes place in the m + 1-th stage. 

At the output of this stage, the total number of electrons will be a linear combination of the 
number of electrons forming the total signal and the scanning beam. Consequently, the 
number of electrons corresponding to a given element will be given by 


<6< 1 for the given example of two stages) will 
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where +1 and f are coefficients depending on the properties of the scanning mechanism and 
of the method of forming the output signal in different types of camera tubes. One of these 
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coefficients will assume a negative value, as for instance the case of a superorthicon, in 
which a beam of electrons consisting of the difference between the beam current and the signal 
current is subject to further amplification. 

The noise in the scanning stages can now be described as follows: 
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In the following stages with amplification coefficients @m+2, Am+3,---, Gp, the changes of 
the two components of noise will be determined by the same factors. It is easily shown that 
the square of the effective value of the noise at the output of the n-th stage is given by the 
equation 
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Thus, for the signal-to-noise ratio of the n-th stage, we obtain the quantity 


Pen Sin ; (13) 


By analogy with the above argument, we note that the change of the signal-to-noise ratio be- 
tween the input and the output of the camera tube will be small if 
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where 6 <1. For this condition to be satisfied, it is necessary that the inequality 
B? Sn< Vereen an u BS, << Mn Om-+1 Sin (14) 


be satisfied in addition to the requirements for the coefficients a1, a2, @3,..., Ay given in 


condition (10). For this, it is necessary that the scanning amplification, given by the product 
of factors My = 010203,...,Q@, be sufficiently large and that it satisfy the condition 


(15) 


It is easily seen that condition (4) which characterizes the reduction of the signal-to-noise 
ratio from stage to stage still holds in the case where Eq. (13) is valid. 

In existing tubes, the "ideal" conditions where the p of each successive stage differs 
little from the ‘p of the preceding stage do not hold for all the stages. When camera tubes 
such as the supericonoscope and the vidicon are used, considerable additional noise forms in 
the stages beyond the camera tube (at the input of the preamplifier). This additional noise is 
usually so large relative to the noise of the actual camera tube, that a signal-to-noise ratio 
is basically determined by the ratio of the signal from the camera tube to the noise of the 
input and the first stage of the preamplifier. In the superorthicon, there is a considerable 
decrease of the signal-to-noise ratio in the scanning stage, since inequality (15) is not 
satisfied. It is obvious that the ways of approaching ideal camera devices lie in the attempts 
to achieve as large an amplification as possible in the first stage (prescanning amplification, 
the necessity of which is emphasized by G. L. Gerus [4]) for camera tubes of the superorthicon 
type and in the use of prescanning amplifications plus postscanning amplification through 
secondary emission in camera tubes of the supericonoscope and vidicon types. 
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Let us determine how many times the light flux falling on the photosensitive surface of a 
LI-17 superorthicon is greater than the light flux which would fall on the corresponding photo- 
sensitive surface of an ideal camera device, if we are required to transmit n = 20 gradations 
of brightness, v = 400,000 elements and x = 25 frames. With — = 1 and the corresponding 
scaling coefficients, we can determine from Eq. (1) the minimum light flux necessary for 
transmission of the image of the ideal system under the above conditions. This light flux 
amounts to ~ 0.65-107° lumens. 

From the literature [8], it is known that the minimum light flux required to transmit a 
picture in the case of an LI-17 tube is 0.4-10-3 lumens. Consequently, the required light 
flux is approximately 600 times greater than the corresponding light flux for an ideal system. 
From (1), it follows that § = Yoyt/ in = Y600=25, i.e., the signal-to-noise ratio decreases 
by a factor of approximately 25 between the input and the output of a LI-17 superorthicon 
camera tube. This decrease of the signal-to-noise ratio takes place in the following section 
of the camera tube: a) the photocathode; b) the storage section; and c) the scanning section. 
In the other sections, the signal-to-noise ratio is reduced very little. In actual LI-17 tubes, 
the coefficient characterizing the photocathode is equal to approximately 1/20. This is the 
part of the sensitivity loss which can be reduced only a little at the present time by increasing 
the total sensitivity 2 - 4 times (for instance, by reducing a to 1/5 in multialkaline photo- 
cathodes. 

On the other hand, it is possible to increase considerably the sensitivity by introducing 
coefficients @2, a3, etc. which are considerably larger than unity, i.e., by using prescan- 
ning amplification. One of the methods of achieving prescanning amplification is the use of 
an electron - optical amplifier, which can be placed in the same casing as the superorthicon 
[4, 5] or which can be used separately [6]. In both cases, the total amplification must be 
considerably greater than 30 (since the total required increase of the light flux is represented 
by a factor of 600, and the attenuation coefficient at the photocathode is approximately 1/20). 
The use of a single stage electron - optical amplifier with an amplification coefficient of the 
order of 30 - 60 inthe same casing asthe camera will make the photocathode noise of the 
same order as the scanning noise. The sensitivity of this device will be 1/2 to 2/3 that of a 
camera device in which the sensitivity is limited only by noise from the photocathode. The 
other completely satisfactory system is the use of a separate multistage electron - optical 
amplifier combined with intermediate optical devices. In this case, the amplification coeffi- 
cient of the amplifier must be much larger than 1000 (in view of the coefficient characterizing 
the losses in the optical system). 

Thus, there are real possibilities of making television camera devices much closer to 
ideal cameras. ~ Z 


3. COMMENTS 


We said above that the storage which was carried out in camera tubes can be represented 
by an amplifying stage whose amplification coefficient is smaller than unity. The theoretical 
basis which makes storage possible is connected with the fact that in television the picture 
element is repeated with a limited velocity, determined by the number of frames per second. 
The amplification coefficient characterizing the storage stage is equal to unity in the case 
where all the electrons formed as a result of single or multiple versions of light into photo- 
current during the time interval between two scannings of the same element are collected on 
the given portion of the storage device. We shall attribute the secondary emission occurring 
on the surface of the storage device to the separate stage for prescanning amplification. The 
amplification coefficient of the storage stage must not exceed unity, since, if this were the 
case, there would be an accumulation of charge formed during a time exceeding the time of a 
single frame. 

This would lead to sluggish transmission and, consequently, to a reduction of the amount 
of transmitted information. Hence, it follows that it is pointless to use several storage 
devices in the place of a single efficient one with an amplification coefficient close to unity. 

In recent years it has been argued that it is necessary to include the luminophores 
(phosphors) of electron-optical amplifiers, which become luminescent slowly and have long 
persistence among the storage devices used in camera tubes [9, 10]. It was stated in these 
articles that the use of these amplifiers would make it possible to increase the output signal- 
to-noise ratio relative to the input signal-to-noise ratio. In reality, the signal-to-noise ratio 
can not be increased with respect to preceding stages. It can only be increased by changing 
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other conditions of transmission, these conditions of transmission holding equally for all the 
stages, including both the input and the output stages. When it is necessary to increase the 
signal-to-noise ratio, these transmission conditions can be changed only in a single direction, 
namely by reducing the number of elements or by reducing the number of scannings of these 
elements. It is obvious that when the picture is divided into a smaller number of elements 
(at the input, this imaginary division is made on the basis of the scanning pattern which is 
used and the dimensions of the scanning beam) or when the number of scannings of these ele- 
ments is reduced, and individual elements will contain a greater amount of radiation energy 
than in the case where a large number of elements with a large number of frames per second 
is transmitted. Thus, these changed conditions will result in a large input signal with a large 
signal-to-noise ratio. The condition according to which the signal-to-noise ratio between the 
input and the output can only decrease remains in force. Any assertion to the contrary 
normally contains an inaccurate definition and sometimes an error in the derivation. In [9], 
there is an attempt to demonstrate that the signal-to-noise ratio can increase between the 
input and the output when an electron-optical amplifier with a luminophoreisused. In this 
article, the mean square fluctuation of the current obtained after amplification on a layer 
consisting of a high-persistence luminophore and a zero-persistence photocathode is deter- 
mined. The equation for the mean square current is given in the form 


co 


in = 2¢i, | maz \ 0 (t) Gi (L) dt + (maga + maga)\ Go (t) ae (16) 
0 
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where ij is the signal current; qg is the quantum efficiency of the photocurrent; mj, is the 
number of light quanta produced by one electron absorbed by the luminophore; q, (t) is the 
frequency characteristic of the receiver of the photocurrent formed after amplification; and 
” 1(t) is the frequency characteristic of the luminophore. 

The error made in Eq. (16) consists of the fact that the frequency characteristic of the 
second component of the noise is taken to be independent of the frequency characteristic of 
the phosphor. From a derivation of the equations for the fluctuation of the number of electrons 
given the Poisson or Gaussian distribution, it follows that in reality the frequency character- 
istic of both components should be identical. Thus, in the second term of Eq. (16), the factor 


\¢ (t) dt should be replaced by \@ (t) g2(t) dt. If the factor characterizing the passband is taken 
0 0 
outside the brackets, the equation 
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in which the denominator is smaller than unity [since, from [9],\ @? (t)dt< \9 (t)dt, and 
Aas | = Ae 
ye 0 


(q2 + 1)/myqg < 1] will be replaced by the equation Ape = ft iegtoe , In which the denominator 


is greater than unity. From this it follows that the input signal-to-noise ratio is still greater 
and not smaller, than the output ratio. A similar error is made in [10]. There, ina compu- 
tation of the power of the shot noise at the output of three stages, the amplification at the 
phosphor - photocathode layer is given as 


; 923202 - 9292 2 
£118 18583 _ 249085 etgBa 


lin = { 
VerHorpe? | V obese alee: aiit 


(17) 


where ij is the output current, ig is the current after one amplifying stage; ig is the current 
after two amplifying stages; i4 is the output current after all four amplifying stages; 8), Bo 
and 83 are the amplification coefficients in the corresponding stages; @1, 62, and 93 are 
quantities called the effective storage time of the phosphor by the authors of [10]; and t is the 
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quantity called the correlation time. From the above equation, it is seen that here noise be- 
longing to different intervals of time is added up at the output. Since the time in the first 
three terms of Eq. (17) are considerably larger than that of the fourth term, the signal-to- 
noise ratio is basically determined only by the magnitude at the output current 


IS ee 400 ie 
Hey - Since ig = 61f983ij, it seems that there is a gain in the signal-to-noise ratio 


of VBjB283 times between the input and the output (the authors of [10] find an increase of 
B Bo83 times. It is obvious that if the transmission time of a single element is taken to be a 


constant quantity, the signal-to-noise ratio at the output will be smaller than at the input, as 
does indeed occur. 


CONCLUSIONS 


1. The sensitivity of TV camera tubes depends both on the factor characterizing the 
minimum radiation energy sufficient to transmit » gradations, v elements, and states of 
the object in the limiting case of restrictions imposed only by fluctuations in the radiated 
quanta, and on the factor which characterizes the change in the signal-to-noise ratio be- 
tween the input and the output. The value of this second factor depends to a considerable 
extent on the properties of the camera tube. 

_ 2. The signal-to-noise ratio of a camera device transmitting a given number of elements 
and a given number of states of the scene can only decrease between the input and the output 
of the camera device. This decrease in the signal-to-noise ratio takes place independently 
of the persistence of the converters used in the camera device. If the storage is efficient 
and the coefficient characterizing the storage efficiency is equal to unity, the use of persistent 
converters will only produce distortions in the information about the scene which is trans- 
mitted (aftereffects), without raising the signal-to-noise ratio. 

3. A signal-to-noise ratio which is reduced in one of the initial stages cannot then be 
restored to its initial value whatever the amplification in the succeeding stages. The reduc- 
tion of the signal-to-noise ratio in a stage whose amplification coefficient is smaller than 
unity can be prevented only if this stage is preceded by at least one stage with an amplifica- 
tion coefficient much greater than unity. 

4, The superorthicon model (LI-17 and LI-201) used in TV work has a sensitivity approxi- 
mately three orders of magnitude smaller than the limiting sensitivity. The use of electron- 
optical amplifiers in the same units as the superorthicon or separately, makes it possible to 
raise the sensitivity of the superorthicon by approximately two orders of magnitude and to 
approach a sensitivity of the system determined only by fluctuations in the photocurrent. 
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MATHEMATICAL FORMULATION 
OF PROBLEMS IN CORPUSCULAR OPTICS 
WITH SPACE CHARGE TAKEN INTO ACCOUNT 


V.M. Breitman, V.S. Kuznetsov 


Articles [1, 2, 3 and 4] give the results of the development of a method of computation 
for corpuscular optical systems in which the effect of space charge is taken into account by 
the method of a model [5, 6]. This article contains a mathematical formulation of two types 
of boundary problems ("'direct" and ''converse"') for a nonrelativistic corpuscular beam 
whose particles have curvilinear trajectories. This formulation is given in connection with 
the development and methods of solution of these problems by rapid electronic computers. 


INTRODUCTION 


1. For a long time, the difficulties of solving two-dimensional and axially symmetric 
problems in corpuscular optics were regarded as insurmountable when the space charge was 
taken into account [1]. The first results were obtained on the basis of the method of similarity 
and from analogs [1 - 6]. These results also revealed two basic types of problems involving 
curvilinear beams and provided useful initial information for further mathematical study of 
these problems. At the present time, the combination of analogs [1 - 6] with electronic com- 
puters represents a most essential problem. 

2. The studies of one-dimensional corpuscular streams (beams) have been exhausted by 
the results obtained in [7 - 11]. The question of the necessity of a rigorous formulation of 
the problem for an electron beam "of more than one dimension" is raised in [12], but no 
derivation of the systems of equations is given and no boundary conditions are formulated. 
The absence of a mathematical formulation of this problem can be expressed by the fact that 
the Langmuir - Child law found fifty years ago [7, 8] represents the entire quantitative basis 
of modern corpuscular optics in which the space charge is taken into account. 

Two-dimensional, axially symmetric, and three-dimensional corpuscular beams with a 
space charge are characterized by curvilinear trajectories of the particles. They have not 
yet been studied mathematically. Attempts to apply to them Pierce's scheme [10], which 
distinguished a region Gg in the beam (Figure 1) where AU(z, y) = 4m0(U; x, y) #0 anda 
region Gj outside the beam where A(z, y)=0, have not given any positive results. Pierce's 
concept ofa "laterally boundedbeam," which is correct for his problem of a beam of recti- 
linearly moving particles [10], has no clear meaning, either physical or mathematical. This 
statement is fully confirmed by experiments. For corpuscular beams with more than one 
dimension, we eliminate the concept of lateral boundaries. They can be taken conventionally 
as the "outermost" trajectories confining a given part of the beam only after the distribution 
of the functions describing the beam and the field (U is the potential, p is the space charge 
density, vx and vy are the components of the velocity vector) have been examined and these 
functions found by a solution of the mathematical problem. 
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Thus, we shall distinguish: 
a) a rectilinear beam having rectilinear trajectories and lateral boundaries formed by the 
outermost trajectories; this beam is always one dimensional and exists only when special 


Fig. 1. Recilinear flow 
of particles having 
rectilinear (plane) 


types of fields exist outside it [10]; the concept of a beam is appli- 
cable to this type of flow (Figure 1); 

b) a curvilinear flow, representing a generalized concept of a 
beam having curvilinear trajectories of the particle; it has no lateral 
walls which are defined in a single valued manner; it is character- 
ized only by the distribution of the function U, p, vx, Vy3 it always 
has more than one dimension. 


1. SYSTEM OF DIFFERENTIAL EQUATIONS 


3. In the general case, the motion of charged particles in an 
electromagnetic field can be described by Maxwell's system of dif- 
ferential equations combined with the differential equation of motion 
of a particle [13]: 


boundaries. 
se) ft On 
rot H = eee (1) 
div B= Arp, (2) 
se 1 OF hee 
div H = OE (4) 
dP Tei Cee 5 
oy = OB to [dol J, 2) 


where FE is the vector of the electric intensity of the field; H is the vector of the magnetic 
intensity of the field; T= pv is the current density vector; P , ayy oa (+) is the 


momentum vector; and c is the velocity of light in free space. Furthermore, two velocity 
vectors are distinguished: Vo the velocity of the particle under consideration, and v is the 
velocity of all the remaining particles which are moved by the field. Since the particle 
velocities in the neighborhood of a given point can be regarded as identical, we shall in 
the future omit the subscript from v in the equation of motion. 

For the stationary case, in which there is no external magnetic field, we note that 


aH ab 
oe 


: ee ro 4m > 
a =), div rovHi—aiv (=F T}=0, (6) 


Thus, we have a system of differential equations describing a flow of charged particles in an 
electrostatic field 


div E =4np, div(pr) =0, > =e + = [rH]. 


For a nonrelativistic stationary flow, if we neglect the magnetic field of the flow of particles, 
we note that 


P =m, s =m(vV)t, E=—gradU, ae 


If we transform to the Cartesian coordinate system and use dimensionless variables, we have 
five equations 
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oot oO oe =P (8) 
ee ee ae 0 (9) 
ve FE Oa Get Me GE = C1 aE (10) 
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ve PEt On Be + 0 BE = C1 = (12) 
with five unknowns, 9, p,, Ye, Un, Yc, Where 
P= Ti P= OPS = =; vg =e m=; 


Zz 


——7 n=+3o= Tr} U,= const; L = const; 


For an axially symmetric field, the most important case in corpuscular optics, we obtain 
similarly for equations 


CHO GO an 


on? +R OR + oer = Pw (13) 
Hag PR0_) + $e (0.02) =, (14) 
ge HM EAE. (15) 
Cag +E = CFE (16) 


with four unknowns, 4q, p,, Dz, Vp , Where 


U v v Tey x 
P= 7p pl cps WS) P= oie eee 
Here r and x are the dimensionless coordinates of the cylindrical system. 

In connection with the elimination of the concept of the boundary of a curvilinear flow (see 
above), a knowledge of the velocities determining a trajectory loses its basic point, since a 
definition of a trajectory is not essential here. It is necessary to know only the potential dis- 
tribution @ and the components of the current density J, = pvx, Jy = pv, I, =pr,. 


2. BOUNDARY CONDITIONS AND TYPES OF PROBLEMS 


4, To formulate the boundary conditions, specific problems must be considered. For 
convenience in our treatment, we shall distinguish two basic types of problems depending on 
whether the following characteristic conditions are contained in a set of boundary conditions. * 


*The terms "direct" problem and "converse" problem were used in the works of G.A. 
Grinberg, but in a diametrically opposed sense, and only for special problems in corpuscular 
optics in which space charge was ignored. 
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I. The direct problem. A system of external electrodes is given, but the distribution of 
the function is not given in any single section of the flow. 

Il, The converse problem. The system of 
external electrodes is not given (see Section 7), but 
the distribution of the functions is given in one sec- 
tion of the flow, for instance, at the collector. 

In both cases, the unknowns which must be de- 
termined are the distributions of the functions 9, 

Pp, Vx, andv,. For simplicity, we shall confine 
ourselves toa study of optical systems with two 
electrodes defined by the boundary conditions. 

5. We are considering problems with a station- 
ary nonrelativistic flow of electrons or ions (in a 


Fig. 2. The direct vacuum) under the action of an electrostatic field Fig. 3. The con- 

problem. A curvi- formed by a potential difference applied between verse problem. 

linear two-dimen- two electrodes NN' and NjN‘, (Figs. 2 and 3), and A curvilinear 

sional flow. the field of the space charge of the beam. Only axially symmetric 
the part AD of the electrode NN' emits particles. flow. 


The flow of particles moving from NN! to NjN'j 
forms an electric current I = pv. 
We shall assume that all the charges in the flow of particles are of the same sign, so that 
the total charge is not equal to zero. We shall also assume that all the charges are identical. 
We shall take the initial velocities of the particle equal to zero. Accordingly, 


mv> 


zy =U. (17) 


We shall suppose that the emissivity of the portion AD of the electrode NN' is not re- 
stricted. For this, we have the condition 


(p,9"*),_, >> const {F s (18) 


Let us consider one typical example of a problem and its converse. 
3. DIRECT PROBLEM 


6. On the plane ( &, n ), there is an open region G contained between two infinite parallel 
straight lines NN' || N,N',(Figure 2), separated by a distance OE = 1, 


In the region G(&, 1), the field of the function px, @, Vz, V,, Which is described by a 
system of differential equations of the form (8) - (12) - for the case of a two-dimensional field, 
is distributed symmetrically about the — axis (we take the origin of the Cartesian coordinates 
at the point O). 

The following boundary conditions are given: 

1) on the straight line NN',g (0,7) =0 

2) on the straight line NjN'y (1, 1) =1 

3) on the segment AOD (which is symmetric with respect to the point O) 


+0, 3 
(pep) Ja const | Ve (E, n) 0, 
= 00, vn (; n) —E>0 


4) the conditions at infinity 


a ee 
a —>1; a > 0. 
|n|— 90 P,. (5. n) |n| +00 
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It is required to find the distribution of the function 9(&, 0), p,(&. 1), v% (E, n) v, (&, y) in the 
region G,. 


4, CONVERSE PROBLEM 


7. In the space (&, R) , there is an open region G, which is symmetric with respect to the 
€ -axis and which is contained between two axially symmetric and bounded surfaces C and Cj, 
separated by a distance OE = 1 at their centers (see Figure 3). 

The central part of C is the surface of the segment AOD of a sphere with a center H on 
the & -axis and with a radius Rg = AH= const. The radius of the segment is ro,= AD/2 = const. 
The central part of the boundary surface is a circle of the radius rp = AD/2 = const. The 
outer parts of the boundary surfaces C and C; are unknown. 

The field of the function 9, px, v,, and vp, which is described by the system of differ- 
ential equations (13) - (16), is distributed in the region G. The following boundary conditions 
are given: 

1) on the surface C, p(&, R) = 0, 

2) on the surface Cy, p(§&, #)=1, 

3) when the spherical surface AOD is approached, 


va(é, Ry) | 7% 
+ 00, 0 (§, R) loro 


(2 pdee? — const 


4) the distribution cf the functions in the circle BEC (for 0 < R < Y93) 


p,=p, (1,2), 9, =2, (1, R), vp=v,(1, A). 


R 


5) the conditions at infinity 


p,(§, 2) 
ap ma) 
aR R->©o 


It is required to find the distribution of the functions! (@(&, R), p,(&, R), vz(E, R) Vp (&, A) 
in the region G and thus to find the system of external electrodes: the electrodes in the region 
G, which correspond to the extremum of the potential (including ¢=0, @ = 1), are necessary 
for the knowledge of the distribution ©( §, R) which we have found and of the other functions. 

The problems which we have formulated represent new types of boundary problems, 
which have not yet been studied by mathematicians.* It is important that these problems 
attract the attention of mathematicians and theoretical physicists. 

We express our deep gratitude to A.A. Dorodnitsyn for his interest in the work and for a 
number of valuable comments. We are also sincerely grateful to N.N. Moiseyev for his 
interesting discussions and comments. 
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A PULSE METHOD OF DETERMING THE PARAMETERS 
OF DRIFT TRANSISTORS 


V. I. Shveykin 
é 
This article gives a basis for the pulse method of measuring the charge proposed in [1]. 
This method makes it possible to determine the frequency properties of drift transistors, 


the effective lifetime of minority carriers in the base, and the values of the diffusion capaci- 
tance and static capacitance of the emitter and the collector. 


INTRODUCTION 


The pulse method which is proposed in [1] for measuring the charge of minority carriers 
accumulated in the base of junction transistors in the process of current transmission from 
the emitter to the collector is in theory applicable to any transistor, whether of the alloy- 
type or the drift-type. As distinguished from alloy-type transistors, drift transistors are 
characterized by an electric field in the base and a small value of the base charge. The first 
of these properties of drift transistors makes it necessary to establish the relationship 
between the base charge and the frequency parameters of the transistor when there is an 
electric field in the base, while the second property makes it necessary to examine the possi- 
ble errors which can occur in a real measuring circuit (Figure 1) and to take into account the 
effect of the capacitances of the emitter and collector junctions of a transistor on the meas- 
ured base charge. 

The study of these questions which is conducted in this article permits us to assert that 
the simple and reliable pulse method of measuring the base charge can be used to determine 
rapidly and with sufficient accuracy a number of the most important characteristics of both 


alloy-type and drift transistors. 
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1. 1ut RELATIONSHIP BETWEEN THE BASE CHARGE AND THE 
FREQUENCY PARAMETERS OF DRIFT TRANSISTORS 


To characterize the frequency properties of drift transistors, the frequency at which the 
real part of the amplification coefficient for the current a is 1/2 its low-frequency value ag 
is used [2, 3]. The chief advantage of uw, over the critical frequency of the amplification 
coefficient for the current wg consists in the fact that at the frequency w, the absolute value 
of the amplification coefficient for the current in a circuit with a common emitter is 


\Bl~4 (1) 


for any distribution of the impurity in the region of the base [3]. The approximate equation 
(1) becomes an exact equation if we assume 0g = 1. For real transistors, this is accurate 
to a sufficient degree. ? 

We shall show that for junction transistors with any type of distribution of the impurity 
in the region of the base this frequency w, is inversely proportional to the mean free time of 
the carriers tpr, i.e., 


4 I 
*1 jee OF (2) 


here Q is the steady-state charge of the minority carriers when an emitter current Ig 
flows [1]. 

If we assume that the transistor is one-dimensional when operating as an amplifier, we 
can write 


1, (2) 
apse? (3) 


dp (x 
Ee) — NE (2) p (a) = 


where p(x) is the concentration of minority carriers (holes) in the base; A = q/kT; D is the 
diffusion coefficient of the holes in the base; S is the area of the junction; he) is the hole 
current at the point x; and E(x) is the value of the electric field in the base of the triode. 

The solution to (3) with the boundary condition p(x) |,=w = 0 at the collector junction 
(correct in the amplification regime) has the following form: 
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where w is the thickness at the base. Integrating (4) along the entire base region and assuming 
Ip($) = I, = const, i.e., neglecting the phenomenon of recombination, we obtain the following 
expression for the mean free time of the holes for passage through the base region with any 
electric field E(x) in the base region: 
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we can rewrite (5) in the form 


PE 3p y° (7) 


For the relationship between tpr and w,, we shall use the results obtained in [4] for a with an 
arbitrary field distribution in the base region: 


aw? 
a =~ sch Vi ; (8) 


We rewrite (8) in the form 
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where a = Vww2/2Dv, and divide the real and imaginary parts of (9). Then from the condi- 
tion Re[ a(jw)] = 1/2 we obtain 


1.997D 2D 
= Va (10) 
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If we compare this equation for w1 with (7), we will obtain a proof of the initial equation 
(a). Thus, the charge of the minority carriers in the base of a drift transistor determines 
the frequency w 1 in a single-valued manner or 


h= aa a Sey (11) 


independently of the type of distribution of the impurity in the base region. 

The quantity v which appears in the equation for tpy and w , is a very important parame- 
ter of drift transistors. In particular, as seen from a and (10), it is the factor showing the 
decrease of tpy, and, correspondingly, the increase of the frequency fj for a drift transistor 
with a field in its base relative to a transistor in which all the conditions are identical, 
except that there is no field. We shall call v the drift factor. 

If an electron current I, (x) = 0 is assumed along the entire base region, i.e., 


Ber AEG) (a) 


where n(x) is the concentration of electrons in the-base, and if we set n(x)~ Ng(x), where 
Ng(x) is the concentration of impurity atoms in the base region, we are able to write the fol- 
lowing equation for v [see (6)]: 
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It follows from (12) that, in the absence of drift motion of carriers in the base 
[Ng(x) = const) v® =1. In this case, a measurement of the base charge Q makes it possible 


to determine both the frequency 


(0) D Te 
WS mw 20Q”’ (13) 
and the critical frequency 
1.215D 1.247 
{) == 0 (14) 


A comparison of (13) and (14) shows that in an alloy-type transistor there is a simple relation- 
ship between fj and fq 
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In the general case, the proportionality factor between fq and fj depends on the distribution 
function of the impurity in the base. Let us imagine a transistor model with a constant field 
Eg in the base region, in which the impurity concentration in the base changes exponentially 


AV x 
Na(t) = Nae’ =Nage *T* . Then, it follows from (12) that the drift factor is 


and that, consequently, the frequency f,(E0)is determined as follows: 
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This result is also obtained in [2] by direct computation with an error smaller than 1%. 
In this case the coefficient K = f¢(E) /£, (Eo) for all real values for germanium transistors 
O0< AV/kT<8 is a linear function of AV/kT [2]: 


K =1.2140.092% . (15) 


It follows from (15) that the coefficient K does not depend strongly on AV/kT. For the 


most probable values, AV/kT~ 4—5. Then, fg =~ 1.6f1]. The use of this relation to com- 


pute fy from the measured value of f1 = I¢/27Q for any value 0 <AV/kT < 8 will lead to an 
error not exceeding 25%. 


2. THE POSSIBILITY OF MEASURING SMALL CHARGES 


The value of the base charge in drift transistors is approximately two orders of magni- 
tude smaller than an alloy-type transistor, and amounts to 10-11 to 10-19 k for Ig = 5-20 ma. 
When the charge is measured in the circuit, shown in Figure 1, the chief errors will 

arise as a result of the following phenomena: the finite switching time of the measuring 
diodes Dg and Dy (tgwiteh); the finite duration of the 
trailing edge of the emitter (teff); and the existence of 
stray circuit capacitances (Cj, Cg, C3). 

Let us consider the effect of tgwitch. If the tran- 
sistor is ideal, having a base current Ipg = 0 and a fully 
compensated current I,g [1], it is obvious that we can 
assume with a sufficient degree of accuracy that Qinflow 
passes entirely through the diode D2; while Qoutflow 
passes entirely through the diode Dj and the instrument 
M (see Figure 1). Of course, Ig > IsDo, Isp1> where 


Isp} and I,po are the back currents of the diodes Dy 


and De. 
Fig. 1. Measuring circuit for - In real eee Ib) 7 0, and at the time when 
charge in which the capacitances e current pulse Ie of the emitter ceases (t = ti) a 
if the emitter andmercntleciee current Iho passes through the diode Do. In this case, 
of the triode, as well as the stray the charge registered by the instrument will certainly 
capacitances of the circuit are not be smaller than Qoutflow minus QDp» where QDo = 
taken into account. = Ipoto is the charge stored in the diode Dg by the time 


tj. The quantity tg is the time constant of the diode 
(the quality factor of the diode [5]). It characterizes single-valuedly its frequency properties 
[6] (compare with tpr for triodes). The condition which must be satisfied for the finite dura- 
tion tgwitch to be neglected is Qoutflow = Q = Ietpr > QD2 = Ipoto. or 
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to <Bo lpr; 76) 
where fg is the low-frequency value of B. 

Since By > 1 for real curves, it follows from (16) that the effect of the finite tswitch can 
be made negligible by selecting diodes with frequency properties as good as those of the tran- 
sistors which are being measured. * 

a condition analogous to (16) can be obtained for the duration teff (we give it here without 
proof): 


tere<Botpr = T, (17) 


where T is the effective lifetime of the holes in the base. For drift transistors, the values of 
T usually lie within the limits of 0.2—1 microseconds. Therefore, the error resulting from 
the finite duration teff can be kept below 5 - 10% if ter is equal to one hundredths or a few 
hundredths of a microsecond, as is quite feasible in practice. 

It follows from the above discussion that the capacitance C1,2 = C1 + Cog (basically this 
is the capacitance of the diode Dj and Dg) can decrease the charge Qoytflow = @ by an amount 


of only Qc), 9 Cy. 2VDo> where Vpp is the voltage across the diode Dg at the time t = tj. 


If we suppose that Cj, 2 = lyf for point-contact diodes Dj and Dg, and that VDo = 0.3Vv, 
we obtain Q¢c1, 9=0.3-10 -2k. This is considerably lower than the measured charges. 

The capacitance C3 will have comparatively no effect if measures to prevent the break- 
down of the emitter junction are taken. 

Summing up our discussion, we conclude that, if the diodes D, and Dg are suitably chosen, 
(16) if the trailing edge of the rectangular-pulse generator is sufficiently steep (17), and if the 
measuring circuit is carefully assembled, this method will make it possible to measure 
charges of the order of 10-1! k and above with an error not exceeding 10 - 15%. 


3. THE EFFECT OF CAPACITANCES OF THE EMITTER AND COLLECTOR JUNCTION 
ON THE MEASURED VALUE OF THE BASE CHARGE, EXPERIMENTAL RESULTS OF 
THE MEASUREMENT OF DRIFT TRIODE PARAMETERS BY THE PULSE METHOD 


For alloy-type transistors in which, under typical operation, the charge accumulated in 
the base was large relative to the charges stored in the capacitances of the emitter Ce and 
the collector Ce, it was permissible to neglect the effect of these capacitances in [1]. How- 
ever, when the charge is measured in the base of drift transistors, this factor cannot be 
ignored, especially since these charges may haye a determining effect at small currents Ig. 

Figure 1 shows the circuit for measuring the charge when the capacitances Ce and Ce 
of the measured transistor are taken into account. To be specific, we shall assume that the 
transistor is operating in the active region (Ip < Eg/a)R 1) and we shall suppose that the 
duration of the current pulse of the emitter tj is sufficient for all the transient processes 
associated both with the accumulation of charge into the base and with the accumulation of 
charge in the capacitances Ce and Cg to settle. In this case, a charge 


Qe a Ce Ve, 
Ve 
is accumulated in the capacitance Ce by the time tj, Here, Ce = ae § Ce(V)dV and Ve is the 
e 0 


voltage at the emitter junction when a current I, passes. 

From the circuit of Figure 1 it is easily seen that the discharge circuit of the capacitance 
Ce, indicated in Figure 1 by a solid line, is short-circuited through the measuring instrument, 
increasing its readings of the charge [1] by Qe. 


*For the diodes Dj and Dg, we used D10 B diodes. It is possible to use crystal 
detectors operating in the range of centimeter wavelengths. An "ideal measuring diode | 
can be provided by a tunnel diode with a degenerate characteristic in the reverse direction 


only (a reverse tunnel diode). 
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The total change of the charge in the capacitance Ce = Cgg + Cde, where Cgc is the static 
capacitance and Cgg is the diffusion capacitance of the collector, during the transient period 
of the emitter, current is equal to 


«= | (CxeV) + Cac VY av. 


Vix 


(18) 


Here, Vc = Ec - IeRj] AQ + Vp t+ VD ; Eg is the voltage of the collector battery, Rj is the 
load resistance; Vp is the voltage produced by the base current Ipg across the base resistance 
Tp; and VDo is the voltage across the diode Dg (see Figure 1). This is the charge which will 


be registered on the measuring instrument. The path of the discharge of the capacitance Ce 
in Figure 1 is indicated by the dot- and dash-line. For the case where the collector is short- 


circuited (R; = 0), the charge stored in the capacitance Ce is equal to 
Ec 


, 


Oc= Cc(V) dV = C, (Ec) Vb + Vo) 

EctVbt+Vp2 

andit is easily seen that the readings of the instrument will be decreasedby this same amount. 
Thus, when the collector short-circuits, as must be the case inthe determination of the critical 


frequency, the readings of the instrument, with the effect of Ce andC, takeninto account, willbe 


Cpr =Q0+ Ce— Qc 


or 


a Ce Te ) [ rprue Date HPAI ee: 
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where Ige and IsDg are theback currents of the emitter junction and diode Dg, respectively. 

Setting Ce = 50upf, Ise = 10-6 amp, and tor = 2.5-10-9sec (this corresponds to the 
value fj ~ 65Mc), we obtain for the condition Q = Qe 
the value of I at which the charges Q and Qe are 
commensurable. For domestic transistors of the 
P401 - P403 type, this value of ie is equal to 4 ma 
for selected Ce, tor> and Ige. 

Let us now determine the contribution of the 
capacitance C, relative to the capacitance Ce for 
currents I, £ I, =4 ma. Considering that Ige = 
= IsDo = 10-6 amp and Yh = 100 ohms, and setting 
B = 50, we obtain 


(19) 


Qox, 
419” 


Since the value of C,(E,) is approximately 
one order of magnitude smaller than that of C, in 
drift transistors, the contribution of the capacitance 
Ce will be 5 - 10% of the contribution of the 
capacitance Ce, for currents I, <4 ma. 

For the above discussion, it follows, that if 
the experimental value of Qpr depends on In Ig 
linearly for currents I, < 4 ma, the slope of this 
straight line with respect to In Ig will determine 


gi 10 190 ‘Ima i000 


Fig. 2. Experimental curve for Qpr as 


the value of the capacitance Ce, which can be 
regarded as constant in this interval. Figure 2 
contains experimental curves for the dependence 
of Qpr on In I, for transistors of the P401, P402 


a function of In Ig. Measuring condi- 

tion: Ee = 5v, t= 1p, and T = 2u. 

1) P402 No. 1; 2) P403 No. 5; 3) P402 
Now ie 


and P403 types. Indeed, it can be seen from Figure 2 that for emitter currents smaller than 
2 - 3 ma the dependence of Qpr on In Ig is nearly linear (the charge Q. increases logarith- 
mically with the current Ig. At large values of Ig, the charge Qpr increases rapidly as a 
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result of the base charge Q which increases linearly with the current Ig. The results of the 
measurements make it possible to determine Cg for a given value of Ve(Ie). The values of 
Ce obtained from the tested transistors are shown in Figure 2. The measurements of Ve(Ie) 
were made with direct current. 


|e Fee Experimental curves showing the dependence of Qpr/ Ig on Ip. 
Measuring conditions: E=5v, t=0.5 usec, T = 1 usec. 
1) P402 No. 1; ty = 1.56 - 10-* sec (fj = 100 Mc); 2) P403 No. 5, 
tors = 1.27 + 10-° Sec (fj = 125 Mc); 3) P401 No. 17, tpriz7=1.0 + 10-° 
sec (fj = 160 Mc). 


I 
For large emitter currents (I, > i): it can be seen from (19) that re = <a In (a = 1) 
e se 


a le 
and "De mT In Gyo + 1) —0O and that Eq. (19) becomes 


They 
Q pr = Ik (tpe are Bo ) ° (20) 


The effect of rpCe/Bg can be determined on the basis of the following considerations. 
For P401 - P403 transistors, the product rpC, is guaranteed not to exceed 3.5: 10-9 sec. If 
it is assumed that Bp = 50, than rpC¢/By = 7-10-11 sec, and the correction to the quantity 
tpr = 2.5-10-9 sec (f1 = 65 Mc) will amount to less than 3%. 

Thus, if the charge is measured with a sufficiently large emitter current Ig, it will be 
possible to determine the mean free time of passage of the minority carriers through the base 
region, and, consequently, the frequency f1 which is related single-valuedly to the mean free 
time by eq. (11). 

Figure 3 contains an experimental curve showing Qpr/le as a function of the emitter 
current I,. The results show that, as the current I, increases up to 5 - 10 ma, the ratio 
Qpr/ I,, which has as its limiting value the mean free time of the minority carrier tpr. 

The measured values of thy, and consequently of fj, are shown in Figure 3. The fre- 
quencies fj are the results of only the internal mechanism of current transmission in drift 
transistors and.are free from the effect of the emitter and collector capacitances. 

It should be noted that a knowledge of tor makes it possible to compute the diffusion 
capacitance of the emitter junction 


dQ _ dQ 4, 
OG ay Seed dy, oe Pts g 
Thus, for instance, for the P401 No. 17 triode (see Figure 3), tpr = 1 usec. For a current 
Ie = 1 ma, the diffusion capacitance of the emitter is equal to Cge = 40 uf. 
It is also possible to determine the value of the diffusion capacitance of the collector 
Cyc = dQ/dEg ~ AQ/A Eg by measuring the decrease of the base charge AQ which takes 
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place when the collector voltage increases by AEg (other conditions remaining the same) as 
a result of modulation of the width of the base region (the resistance Rj is equal to zero in 
this measurement). 

For instance, for the P402 No. 1 transistor, the value of Cq¢ is equal to 0.18 wut ata 
current Ip = 20 ma and with AEg=10v-5v=5v. 

In the case where a load resistance R/ is connected in the collector circuit, the effect of 
the capacitance Cg can be very large, since the charge Q, [see (18)] may be comparable with 
or even larger than charge Q at sufficiently large values of IeRjag. When there is a load RJ, 

Eo 
the readings of the instrument increase by an amount Qz = \ Cc(V)dV relative to the 
Eo-leagRi 
case where there is a short-circuit in the collector circuit. The condition Eg > Vp + VDg is 


assumed to be satisfied. The difference between the measured values for the two cases 

Ri 7 0 and Rj = 0, other conditions being equal, gives the quantity Qe = Qpr/R1 #0. Conse- 
quently, it makes it possible to determine the average value of the sum a the static capaci- 

tance and the diffusion capacitance of the collector in the range of voltages from Eg - IeagRy 
to Ec. 


Co= 


If the voltage of the collector battery is adjusted at Eg - IL.R]% simultaneously with the 
short-circuiting of the load Rj, the difference between the charges measured in this case 
Qpr Rr 40.7 Qpr R; = 0 will be equal to the value of the charge stored in the static 


Eg EcleR 100 


capacitance of the collector junction alone. Consequently, for measured 
Qor Ryo! Qpr R= 0 , IgRj@q the average value of the static capacitance of the 


Cc 


Lee IR] a9 


collector junction Cg, in the range of voltages from E;—IeR ] ag to Ee can be computed from 
the equation 


Eo pr Ry+0 pr Ri=0 
= 4 > Eo Eq—leR 4%, 
Cs Tg Ry% \ Cgc (V) dV I. Ry A (21) 


0 
Eq—Ieky oy 


For drift transistors, the dependence of Cg, on the applied voltage V can be well 
described by the equation [7] 


Cea (V) = Ale Oe (22) 


A substitution of (22) into (21) gives 
Se 4 1,Ryo 
Csc= Csc (Ec) [a+teet | 2 (29) 


Cc 


which is obtained by replacing the binomial (E,-I,R aig)?!” with the first three terms of its 
its expansion. It is obviously assumed that E, >I,R),a9. 


+ In the case where Eg = IeRjQg, a direct computation of (21) leads to the following simple 
Cge and Cyc(E)¢: 
Cre = deb acl B.). 


For sharp (alloy-type junctions, for which the equation Co0yS ay l/2 holds, the corre- 
sponding equation has the form 
Cee = 2Cs¢ (Ec). 
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Figure 4 shows the dependence of [1/CE-(EAIe on Eg for transistors of the P401 and 
P402 types. The values of Cge(Ec) were determined from (23) after Cgc had been measured 
by the method previously indicated. The results obtained 
(see Figure 4) indicate that eq. (22) holds. This is in 
agreement with [7]. 

When the base charge of a saturated transistor Qsat 
is measured by the method described in [1], it is necessary 15:10 
to take into account the charge stored in Cgg and Cg. A 
knowledge of Qsat makes it possible to determine the 
average lifetime of the holes when the base changes from 
zero to Ip: 


pe 
oe 


Ib 10 


- @Q 4 
t= Ft = 7 \ t (Ip) db. 


I 
b 0 


The junction capacitances of the transistor can be 
ignored if t (I) is determined from the equation 


pid OO AQsat 
PUD inp mage: 


where Qo and Q; are the instrument readings correspond- 
ing to two nearby values of the base current Ip, and Ipe 
for a saturated transistor. This is the result of the fact 10 5 E., volts 
that, when the base current changes from Ip, to Iho, the 

charge in Cgc and Ce changes quite negligibly relative to Fig. 4. Experimental curve 

the change of Qgat of the transistor. The change in the showing 1/ Cae as a function of 
base current AI, = Ip2-I,; can be made either by chang- Eg. Measuring conditions: 

ing the emitter current by Al,, or by changing the collec- I, =0.8ma, R) = 2.2 kilohms, 
tor current AI, through a change in Rj. In the firstcase, tj = 0.5 usec, T = 1 usec. 


Aly ~A Ig, while in the second case AIh ~Alg. Figured 1) P401 No. 17; 2) P402 No. 
shows values of 1(Ip) measured in this way at the values No. 14; 3) P402 No. 1; 3) P401 
Ip = 10 ma. The results indicate that the effective life- No, 21. 


time of the holes in the base of the saturated drift tran- 
sistor increases with increasing base current. P 

This pulse method of determining the parameters of transistors by measuring the charge 
is simple and reliable and has the following advantages over ordinary measuring methods: 


r(Ip| sec 


Fig. 5. Experimental curves showing « as a function of ]). 
Measuring conditions: Eg= 10 v, Rj = 3.3 kilohms, tj = lysec, 
T=2psec. 1) P402 No.1; 2) P401 No. 17. 


0 5 10h, ma. 


1) Very frequently transistors are used in pulse operation in which the power dispersed 
in a pulse exceeds the tolerated limit. Ordinary measurements of the parameters of transis- 
tors are made under constant conditions. This does not make it possible to take measure- 
ments under conditions exceeding the limit. The method we have proposed is free from this 
disadvantage: the ratio * = T/t; of the generator at the input emitter current pulses can 
always be selected sufficiently large. 

2) As the emitter current Ie increases, the base charge Q also increases. Conse- 
quently, the smallest current measured according to the circuit of Figure 1 can always be 
achieved and exceeded by increasing the current I,. Without there being any danger that the 
transistor will be damaged through overheating, the necessary increase of the current Ie 
can always be obtained if the "porosity" of the rectangular pulses is sufficiently large. This 
obviously makes it possible to extend the limit of measurements of critical frequency 
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considerably beyond that of ordinary methods. Thus, for instance, for the P410 No. 22 tran- 
sistors, the measured value of the charge at I, = 35 ma was equal to 1.4- 10-11k, which cor- 
responds to fj ~400 Mc. This measurement was made with tj = 0.4 usec, T = 1 psec, 
E=5v. 

3) The influence of rp,C on the measured frequency fj is considerably smaller (by a factor 
of approximately 89/3 times) in the pulse method than in the usual methods of measuring 
critical frequencies [see (20)]. This is connected with the fact that the steady-state charge Q 
is measured in the circuit of Figure 1 when a current Ipg = Ie/g flows through the base at the 
time t;, while in the ordinary method of measuring, a current ~ 0.3 I, passes through the 
base of the critical frequency. This property of the pulse method makes it possible to deter- 
mine the mean free time of passage of the holes through the base region tpr and, correspond- 
ingly, the frequency fj "in pure form" without any corrections for the effect of rpCce. This 
may find a useful application in technological control in the manufacturing of transistors. 


CONCLUSIONS 


A basis is provided for the pulse method proposed in [1] for measuring the charge of 
minority carriers in the base of junction transistors in regard to the highest frequency drift 
transistors existing at the present time. 

In the general case of an arbitrary distribution of the impurity in the base region, a 
relationship is established between the value of the base charge and the frequency properties 
of drift transistors. 

The possibility of measuring the charge of the order of 10711 k with an accuracy within 
10 - 15% is shown. 

The influence of the capacitances of the emitter and collector junctions of a transistor is 
studied. It is shown that the pulse method of measuring the charge makes it possible to 
determine the following parameters of both alloy-type and drift transistors: the transit time 
of the minority carriers through the base tp, and, consequently, the frequency fj = 1/2n Yr? 
the effective lifetime of the minority carriers in the base 7; the diffusion and static capaci- 
tances of the emitter Cece, Ce, and the collector Cgc, Cae, Ce. 

A number of advantages of the pulse method of determining the parameters of the tran- 
sistors, compared with the existing measuring methods, is shown. 

The author thanks K.S. Rzhevkin sincerely for his valuable advice and constant attention 
to the work, as well as V.V. Migulin, who made a number of useful comments about the 
manuscripts of the article. 
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CONVERSION OF A CURRENT PULSE 


FROM A PHOTOELECTRIC MULTIPLIER 
INTO A VOLTAGE PULSE BY AN EMITTER FOLLOWER 


L.S. Gorn, B.I. Khazanov 


This article deals with the characteristics of the conversion of a current pulse from a 
photoelectric multiplier into a voltage pulse by means of an emitter follower stage. The non- 
linearity of the conversion is computed and the instability factor is determined. The results 
of experimental verification are given. 


In devices fed by a source with a high internal impedance (a current generator), a linear 
conversion of a current pulse into a voltage pulse is often required. Asa rule, this operation 
is carried out with a resistance transformer - a cathode follower. 

Similar results can be obtained by using an emitter follower. However, it is necessary 
to take into account the characteristics of the transistors in solving this type of problem. 
These characteristics include, in the first place, the temperature variation of the transistor 
parameters and the existence of junction capacitances which are inversely proportional to the 
applied voltage [1]. 

Let us consider an emitter follower stage fed by a current generator (Figure 1). The 
current pulse i(t) is supplied to the divider RjR9, which determines the operation of the 
transistor. The voltage signal is taken from the emitter load Re. The transfer character- 
istics of the signal is determined by the capacitances charged by the current generator. The 
capacitance of the collector junction is noted by CT, the capacitance of the circuit wiring 
by Co, and the total capacitance load by Cg + CT =C. 


We shall denote the equivalent resistance of the base circuit by R & = Re + = + ae ), 
e 


the constant voltage across the base-collector junction in the absence of the signal by U, and 
the input signal by vin. 

The output voltage of the emitter follower is Voyt = Kvin, where K is the transfer 
constant. In the general case, this constant depends on the frequency characteristics of the 
transistor, the frequency spectrum of the transmitted signal, and the amplitude of the signal. 

We shall consider the most interesting case for practical applications — the case where 
the signal builds up during a time equal to a fraction of a microsecond. This corresponds to 
a spectrum in which the upper frequencies are of the order of 1 - 1.5 Mc, and the ratio of the 
transmitted frequency to the cutoff frequency of the triode b = f/fq@9 does not exceed unity even 
for alloy-type transistors. For drift transistors, this ratio is considerably smaller. 

If b <1 and if the signal is small, (vjn <1v, corresponding to small change of re), the 
transistor is practically a purely active and linear element, the transfer coefficient is prac- 
tically constant and close to unity, and Vin ~ Vout = V- 

Indeed, if we use the equivalent conversion circuit of the transistor, we can write the 
repetition factor as [4] 

ie Ke 


Mb URS "e. 
Ret eh re 


For actual transistors in circuits re ~ 25 ohms, rp/ |R |= 40 ohms, and Re = 4.7 kilohms 
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For the case b = 1, the transfer coefficient K = 0.99, and the phase 
shift angle does not exceed a fraction of a degree. 

All the following computations are correct in this approximation, 
i.e., as long as fgg <(1 to 5) 0.3/ ty. 

It is well known that the behavior of the signal i(t) in an RC- 
circuit of this type can be described by the differential equation 


Fig. 1. Circuit diagram SOM eee eee a : (1) 


at DRG 
of an emitter follower 


For tube circuits, the value of the capacitance C does not depend on the signal formed at 
the load. This provides a linear conversion of the current into a voltage amplitude [2]. 

In the case where transistors are used, the value of the capacitance Cry is a function of 
the voltage across the junction. This results in a nonlinear conversion. 

In the general case, Cp = c(U-v)~@, where c is a constant for a given transistor, and 
a = 1/2 for alloy-type transistors and 1/3 for drift transistors [1]. 

Let us express the value of the capacitance for a signal C7[(U-v) in terms of the capaci- 
tance for a stationary state Cp(U): 


Cy, (U —2) z ye 
Cr (WU) es v)? 
or 
Cr(U —v) = Cr) [1—F] * (2) 
Then 


C=C,+Cr=C,+CrW)[i1—F] 
C=C|1+%4(1—F) |, (3) 
where A= Cy(U)/Cg. Substituting Eq. (3) into (1), we obtain 


dv | v' 4 i (t) 1 
NTL Sp) eee a 


Equation (4) describes the relationship between the current pulse, the circuit parame- 
eters, and the voltage signal at the output. It can be solved in general form by numerical 
integration. However, if certain simplifications which are permissible for cases of practical 
interest are made, the equation can be solved analytically. 

Let us consider the case of a scintillation counter whose circuit is given in Figure 2. 
The operation of the emitter follower is determined by a low resistance divider to which the 
resistance of the base circuit Rj is connected. This same resistance of a base circuit is 
the load of a photoelectron multiplier. 

A similar circuit is used in recording radioactive radiation, when a phosphor light flash 
is excited under the action of the ionizing particles. This light flash is converted by a photo- 
multiplier into a current pulse i(t). The current amplitude ig and the total charge flowing 
through the load Ry is, as a rule, proportional to the energy lost by the ionizing particle in 
the phosphor. Since this conversion is linear, spectrometric measurement of the nuclear 
radiation is possible. 

As is well known, the shape of the current pulse in the scintillation counter is described 
by eq. (3) 


i(t)=ie *, 


where T is the luminescence time of the phosphor (for sodium iodide, which is used most often 
as a scintillator, t =0.3°10™ sec). 398 


To make sure that the complete charge will be corrected on 
the load capacitance, time constant RC is made considerably 
larger than the time t, i.e., the case of practical interest is 


that where R-> coin eq. (4). The equation is then simplified and 
assumes the form 


dv _ i(t) 1 


dt Cy [14 w(i—zy | : (5) 


Separating the variables and integrating, we obtain 


Fig. 2. Circuit diagram 
of a scintillation counter 


where vy is the voltage amplitude of the signal at the load. Moreover, 


Lara We (ep irene Reer(ps si 
0 
ee irre leer el (6) 


This equation relates to the voltage amplitude to the charge. For tube devices in which 
a=0, Q=vm(Co + Cin). Thus there is a linear conversion of the current pulse into voltage. 
For transistors, a #0, and the conversion is characterized by a certain nonlinearity. The 


amount of nonlinearity » can be determined in the following way (for small values of the non- 
linearity): 


ee ie eee {1 ae E (1 a) |. (7) 


%Mm(CotCr) 14% Vm 1—a U 


Hence, it is seen that the nonlinearity depends on the ratio between the signal and the constant 
voltage across the junction Vink U, the ratio between the transistor capacitance and the capaci- 
tance Cg, i.e., and the value of A, and also in the type of transistor (the parameter a). 

Let us consider the case of small signals, i.e., vm/U «1. 

Using series expansion, we obtain the following equation for the nonlinearity 


Png a Ure (8) 
Ck One DOU € 


From Eq. (8), it follows that for drift transistors the value of the nonlinearity is smaller 
than for alloy-type transistors. This is the result of the smaller value of a and, in particu- 
lar, the small value of capacitance Cp in comparison to the capacitance of the photoelectron 
multiplier and the circuit C. 

Calculations of the value of the nonlinearity of mass-produced transistors may be found 
interesting. The table gives the values Cy for a number of alloy-type and drift transistors, 
(U=5 vy). 


Alloy-type transistors | Drift transistors 
P13, P14, P15 P19 P401 P402, P403 
Cr, put | . a Crpus| a Cr MME | 4 Cr WEE | a 
50 | 0.5 | 12 Ofori ts | 0.33 | 10 | 0.33 


For Cg = 20 wyf, the conversion remains linear within 1% for the following maximum 
signal amplitudes: vma™®@* = 0.3 v for P13 - P15 transistors; Vine =0.5. 0264 )t0r 
P401 and P19 transistors and vy,™** = 1v for P402 and P403 transistors. 
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Fig. 3. The signal amplitude as a function of the junction voltage. 


Fig. 4. The linearity of the conversion of the current pulse into a voltage 
pulse: 1) the P15 transistor; 2) the P403 transistor 


It is obvious that the nonlinearity will increase as the supply voltages decrease and as 
the voltage across the base - collector junction is decreased. 

Besides leading to a nonlinear conversion, the dependence of the junction capacitance on 
voltage, as is quantitatively expressed by Eq. (3), results in a dependence of the voltage 
pulse at the output of the follower (for a constant current pulse) on the value of the voltage 
across the junction U. 

Let us evaluate the relative magnitude of the change of the signal change dv;,/vm as the 
voltage across the junction U varies for the case of small signals: 


Q ae C matS eee Cy 


oe a ee = PRS oe SS Oe ee ee 
Neen Teed Ce Bt (Cp — Cyr dU (Cpa Cy) Uae 


hence, 


dtm 4 _ ae { au = d a au 


Ope Cy) Pt oe eee (9) 


Um 


From eq. (9), it is seen that the instability of the transfer coefficient is related to the 
instability of the voltage across the transistor. The proportionality factor CTt/ Cyr +Cog 
usually varies within the limits of 0.1 - 0.3 depending on the type of transistor. 

Thus, in constructing accurate circuits, it is necessary to stabilize the supply of the 
collector. This is the essentiai difference between transistor and tube-type cathode followers. 

The next important distinction between transistors and tubes is the considerable change 
in their parameters when the temperature of the surrounding medium changes. This also 
effects the stability of the conversion of the current pulse into a voltage pulse by an emitter 
follower. 

It is known [1] that the change in the voltage across the junction is equal to 
AU~ AkgRp. Consequently, 


dtm ) Cy i a1 eo J 
Chem Cr +O) ig Ry : 


For a 1% change in the signal, the quantity setts can be 0.03 - 0.1. Considering that a 
temperature of 50 - 60°C, the current I,qg can attain values of the order of 50 pa (i.e., 
dig <= 5° 1075 amp), while U ~ 5 v, we obtain a maximum value of Rp = 10 kilohms. 

With such a small load, the charge is not completely corrected. This is undesirable. 
Complete collection of the charge can be attained either by increasing the capacitance Co, 
which leads to a considerable decrease of the signal amplitude at the output, or by increasing 
the input resistance of the signal by using feedback coupling while retaining a relatively small 
de resistance. 

The results obtained above are in good agreement with the results of an experimental 
verification which are indicated in Figures 3 and 4. 


Figure 3 shows the amplitude of the output signal as a function of the voltage across the 
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junction when the current pulse from the photoelectric multiplier is constant. Figure 4 
shows the coefficient of conversion of the current pulse into a voltage pulse as a function of 
the signal amplitude. The small divergences between the curves and the computed values 
can be explained by errors in the determination of the values of Co and Crp. 
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ELECTRONIC CONTROL OF PULSE DURATION 
IN L-OSCILLATOR WITH JUNCTION TRANSISTOR 


B.S. Mel'nikov 


On the basis of the piecewise linear theory of inductive relaxation oscillators the report 
shows the possibility of electronic control of pulse duration by a factor of 100 and greater. 
The derived design relations describe the real processes with an accuracy of 10-15%. 


INTRODUCTION 


An L-oscillator is a relaxation oscillator with one reactive element — a transformer. 
Owing to its structural simplicity, reliability, small dimensions and high efficiency, the 
L-oscillator has found wide use as a pulse shaper, generator of linearly varying current and 
direct-voltage converter (references [2, 3]). 

In conjunction with the possibility of electronic control of the duration of the generated 
pulse, the L-oscillator may be used as a blocking oscillator and a pulse-duration modulator. 


1. THEORETICAL DISCUSSION 


For analysis of the L-oscillator we shall use the piecewise linear theory of the blocking 
oscillator, describing its behavior during pulse peaking operation (reference [1]). According 
to this theory the transistor in pulse peaking operation is described by an equation of state 
which functionally relates the base current to base voltage and collector current: 


4 
Nees youl Uno— Fam!) > (1) 


where Rpg = 9Up/dlp in saturation operation; Ram = 9Up/al, in amplifier operation; Upg is a 
parameter determined from the linearized characteristics of Ip = f(Up, Ik). Ji 

It must be pointed out that the proposed theory is valid only for that operating condition 
of the L-oscillator at which the rate of change in base current (as defined by the differential 
equations of the discussed system) is lower than the rate of recombination of minority 
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carriers at the collector junction (that is, when the lag of the saturated transistor may be 
disregarded). 

The basic diagram of the L-oscillator is shown in Figure 1. 

In preparing the initial equations let us use the equivalent diagram for the base circuit, 
as shown in Figure 2. 


nly, = Ip +s, 
E—v dl g 
n Sea tie (2) 
E—U 
; = Rint Upt Fy 
Ces here 
1 
n= Up y— Lv Fam) 5 


Here L is the magnetization induction; R, is the sum of the load resistance (Rj) and the 
resistance of the collector winding of the transformer; Rp is resistance of the base winding 
of the transformer; n is the transformation ratio; E is the collector supply voltage; Ep is 
the bias voltage. 

Solving system (2) for Ik and Ih, we obtain 


t jaa 7 Mi t 
ye 2 Ge 8) 2 eee (3) 
R, Ry + Rays % (Rpg +R) 
ja= ERamt (Upot Ey) le (e- 7 1) Al 
= Ry (Ry + By) ; 
— WE —n (Upgt Ep} — To (nRayt R,) = = 
t ote 
Ry Fo Ragt (Ry + Ry) (4) 


where 
Ree MR rt M (Rpg + Rp) f 


ay 
Ry (Ry + Ap) : 


Ip is the zero current in magnetization induction, equal to the current flowing through the base 
winding of the transformer at the initial moment of pulse generation. According to [i], dura- 
tion of the generated pulse may be determined from the expression 


up Ip(t) 8 Ue (O)] = J (0), (5) 
+Ep 
Ryo 
D 
y 
Fig. 1. Basic diagram Fig. 2. Equivalent diagram 
of L-oscillator of base circuit 


of L-oscillator 


where f' is the ratio between the collector and base currents at the moment of pulse peak. 
For the sake of simplicity let us assume that 6' is constant within the operating range of 


change in collector current (i.e., 88'/9I, = 0). Then simultaneous solution of (3), (4) and 
(5) leads to the expression for duration of the generated pulse 
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: = a Ry nRy ipa np) 


By - Te. Tie 3 pas ee 
RAR | Et ir ( Deere ) 
ii byl! e+ ont | ia iar | Ry.) a wate | | (6) 
Eg + R.. ( Roam? a2) ) | 


where 


Ry = Ry + nRaprt n? (Rpg + Fe) 
Ry= Rug Rys Ey = Upo t+ By 


It has been experimentally established that in self-excited operation of the L-oscillator 
the duty ratio of the pulse is small (1.2-1.5); hence in driven operation with duty ratio 
greater than 2 it is possible to achieve complete recovery of the circuit, which in our case 
corresponds to Ip = 0. In addition to this, further simplifi- 
cation of expression (6) will result from the following inequal- 


Transistor |=phmax °| Upo ¢ | max ities, which are suitable for a number of practical cases: 
“i mn B' > 1 (for real transistors B' = 15-20); Ry > Rpg + Rp; 
P401—403 9 | 0.32 etek ams 
PI3—I5 ib i4 05 50. It is not difficult to see that the expression within the 
PA 20 | 0.13 | 150 braces in (6) is close to unity; hence, we may replace the 


logarithm with the first term of its power series expansion. 
After a simple transformation, the duration of the generated pulse will be expressed by the 
relation 


L ni 
ee fe ts 
T= R,, Thor Eb . ( ) 


Expression (7) shows that the duration of the generated pulse in the first approximation is 
determined by the parameters of external circuits and is almost independent of the transistor 
parameters. A 

The maximum possible modulation of pulse duration is determined by optimum choice of 
the parameters of the L-oscillator (Rj, and n) and the possible change in bias voltage Ep. 

The minimum pulse duration corresponds to the maximum permissible voltage at the 
transistor base Ep max and, since ordinarily Ep max > Ubo, 


Like (8) 


scp Re IS). Soe = 


the maximum pulse duration is obtained in the absence of bias voltage (Eb = 0) and is deter - 
mined by circuit parameters Ry, n and E. Inserting Ep = 0 into (6) and considering that in 
actual circuits B' > 1, let us define tyax/tmin: 


pe "| en lial { ail ly Ry om R.) 
7 T : Re ag 
Tmax _ =“bmax |, RK, fs / 2 S ’ (9) 
T ; Tes 
min Ryl Uyo+ Re Bann 


Since n and E are limited, greatest interest attaches to the relation maxLa min = f(Rj,)- 
It is not difficult to see that expression (9) is a function increasing monotonically from 
R;, and having a limit with Rq-» ov: 
bane 


(Lb — nUpg) Ubmax 
“min max 


HU 9 (10) 
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For actual transistors E > nU}po; hence 


_ Ebmax f (11) 


ee ~ ~bmax 
Ub 


aa max 


The table presents data indicating the modulation capacity of L-oscillators operating with 
various transistors. 

As seen from the table, in designing L-oscillators with maximum modulation capacity it 
is necessary to use diffused-junction transistors with high permissible emitter-junction 
voltage. 

In actual circuits the value of tmax/t min is less than given in the table, which is due 
chiefly to the fact that the collector load resistance Ry may not be greater than the defined 
value in order to avoid extinction of oscillation. 


bended Qi 0203 05 ' 


QU 42 03 a5 234 
Q@ aaos 1 234 
( 
Fig. 3. Modulation Fig. 4. Modulation Fig. 5. Modulation 
characteristic, characteristic characteristic, 
Rk = 1 kilohm Rk = 0.5 kilohm Rx = 0.25 kilohm 


Moreover, a decrease in t max/1min May occur due to incorrect choice of circuit 
parameters, whereupon the decrease in pulse duration depends on the frequency response of 
the transistor. 


2. EXPERIMENTAL RESULTS 


In order to check the theoretical relationships we plotted the modulation characteristics 
of an L-oscillator using a P14 transistor with parameters Ray = 8.2 ohms, Rpg = 33.5 ohms, 
Upo = 0.2 v, B'=15. 

The circuit values were as follows: L= 602 wh; E= 10 v; Rp =1, 0.5, 0.25 kilohm. 

The curves in Figures 3, 4 and 5 are presented for comparison of the experimental and 
theoretical relationships. The theoretical curves were plotted from precise formula (6) 
(solid lines) and approximate formula (7) (dashed lines). For convenience in comparison the 
plots were made on a semilog scale. Comparison of the experimental (heavy lines) and 
theoretical curves show that precise formula (6) for the duration of the generated pulse 
results in an error of not more than 10-20%, whereas approximate formula (7) gives good 
correspondence only at sufficiently large bias voltages Ep. 
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CONCLUSIONS 


Electron control of pulse duration is feasible in L-oscillators using diffused-junction 
transistors. 

For ordinary circuits a duration coverage on the order of 10 is attained. For special 
circuits (R, >> Rpg) using transistors with high permissible emitter-junction voltages a 
range of duration of 100 and higher may be attained. 

With sufficient accuracy for practical purposes, the derived theoretical relations define 
both the modulation capacity of real L-osciilators and the duration of generated pulses. 
Hence, the described method of analysis may be used not only for calculation of blocking 
oscillators and modulators but also for rectangular-pulse shapers, particularly if the latter 
are driven (wherein the bias voltages are quite large). 
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STUDY OF THE DEPENDENCE OF THE FREQUENCY 
OF MASERS ON VARIOUS PARAMETERS. 
PART Il. THE J=3, K=3 LINE 


N.G. Basov, G.N. Strakhovskiy and I.V. Cheremiskin 


An experimental study is made of the dependence of the frequency of a maser (the J=3, 
K = 8 line of N14Hg) on the tuning of the cavity resonator, the voltage across the quadrupole 
capacitor, and the pressure in the source of the molecular beam. oh +6 

A method is recommended for tuning the frequency of the maser by equalizing the minima 
(or maxima) on the curves showing the oscillation frequency of the maser as a function of the 
pressure in the source of the molecular beam. When a once peam maser is tuned according 
to this method, its frequency can be reproduced within ~ 5-10™°*. 


INTRODUCTION 


This article describes experimental studies of the frequency dependence of a maser using 
the J = 3, K=3 line of ammonia N14Hg3 on the tuning of the cavity resonator, the voltage 
across the quadrupole capacitor, and the pressure in the beam source. These studies are 
necessary for an analysis of the tuning accuracy and of the stability of the maser frequency, 
which is used as a calibrating frequency, and for a comparison of experiment with theory. 

The first studies of the dependence of the frequency and power of the oscillations of a 
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maser were published in [1, 2,3]. However the graphs given in these works are insufficiently 
accurate. This makes it impossible to judge the accuracy which is attained in tuning the 
masers or to compare theory with experiment. Items of theoretical interest in [4] are the 
characteristics of masers with cavity resonators in which the Eg11 and E912 wave modes are 
excited. These wave modes make the practical utilization of masers difficult because of the 
strong influence of the Doppler effect. A comparison of the characteristics which we have 
obtained with the theory presented in a preceding article [5] shows the good agreement of 
theory with experiment, and an analysis of these characteristics makes it possible to conduct 
a fairly detailed analysis of the operation of masers. 


1. DESCRIPTION OF THE APPARATUS 


A general view of the maser for the 3, 3-line is given in Figure 1. The source of the 
molecular beam, the quadrupole capacitor, and the resonator, were mounted on the same 
frame, and they were made coaxial by careful adjustment. The source of the beam of mole- 
cules is formed by a chamber several tens of cubic centimeters in volume. Ammonia flows 
into this chamber through a valve allowing continuous regulation. The beam is shaped by a 
grid having square openings 0.05 x 0.05 mm in size and a fill factor (transparency) equal to 
0.25. The thickness of the grid is 0.05 mm. The diameter of the emerging beam is equal 
to 6mm. The pressure of the gas in the beam source was measured with a VI-2 vacuum 
gauge. An LT-4 electronic pressure-gage tube was connected directly to the chamber of the 
source (Figure 2). 

A diaphragm cooled with liquid nitrogen was placed between the beam source and the 
quadrupole capacitor. This diaphragm cut out a relatively narrow beam of molecules. To 
prolong the period of uninterrupted work of the maser, the 
diaphragm could be rotated to change the aperture, which 
became clogged with frozen ammonia in approximately 3-5 
hours. A source in the form of a single channel 1 - 2 mm 
in diameter and 10 mm in length was also used. In this 
case, the maser could also operate satisfactorily without a 
cooled diaphragm. 

The quadrupole capacitor had a length of 150 mm and 
the gap between the plates was 2mm. The focused beam of 
molecules hit a cavity resonator 80 mm long oscillating in 
the Ep;9 mode. The quality factor of the invar cavity res- 
onator, with silver-plated walls on the inside, was 6000 - 
8000. The cavity resonator could be retuned over a few 
megacycles by means of a rod 2 mm in diameter, which 
could be screwed in through a side wall of the cavity to a 
depth of 1 mm (leaving the quality factor of the cavity reso- 
nator almost unchanged). A 0.1mm shift of the rod (10 
divisions on the dial) changed the resonance frequency of 
the resonator by approximately 0.5 Mc and shifted the 
oscillation frequency by 1000 cycles on the average. 

The temperature of the resonator was maintained by a 
thermostat with an accuracy within 0.01°C. A0.01°C 
change in temperature changed the frequency of the maser 
by one cycle. The change in the frequency and power with 


retuning of the resonator is shown in Figure 3. Fig. 1. A maser with a single 
The shift of the frequency of the maser as its param- beam of N14 Hg molecules for 
eters were changed was made by comparing the frequency the J = 3, K= 8 line (the front 


with that of a second maser which remained constant within of the casing is removed) 

2-5 cycles. Simultaneously, the change in the power was 

measured in relative units. A block diagram of the setup used for these measurements is 
shown in Figure 4, According to this system, the frequency of the three masers could be 
compared two at a time: No. 1 with No. 2, and No. 3 with No. 2. The oscillations of two 
masers, for instance No. 3 and No. 2, differing by a few hundred cycles from one another, 
were mixed in a hybrid ring, which serves simultaneously as a good bypass. They then 
entered a second hybrid ring, which was a balanced mixer, to which the power of a heterodyne 
klystron 5, tuned to a frequency of 23, 830 Mc (i.e., 40 Mc lower than the oscillation 
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frequency of the maser) was 
fed. After the balanced mixer, 
the power traveled on to a 40 Mc 
amplifier with a passband of 
2 Mc and an amplification factor 
of 10,000. The frequency of the 
heterodyne klystron oscillator 
was stabilized within ~ 50 ke. 
After a second detector at the 
output of the IF amplifier, a 
signal whose frequency was 

ae a a as equal to the difference A f be- 
Fig. 2. The source of the molecular beam 1 and the pres- tween the oscillation frequencies 

sure-gage tube 2. of masers No. 3 and No. 2 was 

fed to the input of the EO-7 

oscillograph. Simultaneously, the signal of a DG-12 audio oscillator was fed to the input of 
the amplifier of the horizontal deflection of the beam, and the frequency Af was measured 
according to the method of Lissajous figures. Simultaneously, the frequency Af can be meas- 
ured within one cycle by a frequency meter ICh made of scaling meshes [6], in which the time 
interval is given by a quartz-crystal oscillator. The relative change in the power was meas- 
ured simultaneously with the frequency by tapping off part of the power from the cavity reso- 
nator and amplifying it in a narrowband IF amplifier (with a 70 kc band) with a double conversior 
of the frequency. The amplifier was calibrated by means of an auxiliary klystron and a cali- 
brated attenuator. A block diagram of this apparatus is shown in Figure 4. 
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2. CHARACTERISTICS OF MASERS 


With the apparatus described above, we obtained three series of graphs. 

1. The amplitude (power W and oscillation frequency Af as a function of the pressure p in 
in the beam source for different fixed detunings v of the cavity resonator and for different 
values of the voltage U of the quadrupole capacitor: 
W=f(p) . yp; Af=f() ,_ y (Figures 5 and 6). 

2e°The amplitude (power) and frequency of the 
maser as a function of the voltage for different fixed 
pressures and detuning of the resonator: W= £(U)p, 
and Af=fU)p,v (Figures 7, 8 and 9). 

3. The amplitude (power) and oscillation frequency 
as a function of the tuning of the resonator for fixed 
values of the pressure and the voltage across the 
quadrupole capacitor: W = f(v )p y andA f=f(v )p, U 
(Figure 3). A 

In determining the maser characteristics, we 
observed the oscillations in the absence of a voltage 
across the quadrupole capacitor. It seems that this 
effect is analogous to the "strange" oscillations ob- 
served in [2, 3]. Moreover, we noted that, when a 
large amount of ammonia had frozenin the diaphragm, 
the maser continued to oscillate if the valve was 
closed. Apparently, a part of the molecules is evapo- 
rated from the diaphragm, sorted by the quadrupole 
capacitor, and reaches the cavity resonator. 


3. COMPARISON OF THE EXPERIMENTAL 
AND THEORETICAL CHARACTERISTICS 


Above we gave the experimental curves for the 


frequency of the oscillations of the maser as a func- Fig. 3. The frequency (a) and relative 
tion of the pressure in the source of the molecular power (b) of maser No. 3 as a function 
beam, the voltage across the quadrupole capacitor, of the position of the dial of the tuning 
and the frequency of the cavity resonator. Figures screw for the cavity resonator. 
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Fig. 4. Block diagram of the system for measuring 
the frequency of a maser using the J = 3, K= 3 line: 
1,2,3) masers Nos. 1, 2 and3) 4) hybrid ring-balanced 
mixers; 5) local klystron oscillator; 6) supply of the 
klystron; 7) IF amplifier and oscilloscope; 8) IF am- 
plifiers and second detectors; 9) oscilloscope; 10) 
audio oscilloscopes; 11) frequency meter; 12) 75 ke 


3 and 4 in part I of [5] give curves ob- 
tained as a result of theoretical compu- 
tation. A comparison of the experi- 
mental curves with the computed curves 
shows that they are in qualitative agree- 
ment. A quantitative comparison of 
theory with experiment is made difficult 
by the following factor: as is pointed 
out in part I of [5], the theoretical 
curves are computed as a function of 

202, 
the parameter y= = 7g? 


which is pro- 


portional to the power of the maser. 
The power itself is proportional to the 
pressure only for low pressures in the 
source of the mojecular beam. At 
large pressures, the power is a com- 
plicated function of the pressure, which 
can hardly be computed theoretically. 
Experimentally, it is also difficult to 
make absolute measurements of power 
with a sufficient degree of accuracy. 
Therefore, for a qualitative compari- 


frequency amplifier and discriminator. 


10°52 3 45676910}, 2 3 4567891 


Fig. 5. The frequency (a) and relative 
power (b) of maser No.3. as afunction of 
the pressure inthe source of the molecu- 
lar beam for different values of the de- 
tuning (the detuning is expressed in terms 
of divisions of the dial of the tuning screw. 


Ls Pere. 


son of the theoretical curves with the 
experimental curves, we measured the 
relative dependence of the power of the 
maser, using the J = 3, K = 3 line, on 
the pressure. We used this relative function to 
construct theoretical curves. It should be noted, 
that for small separations between the frequency 
of the resonator and that of the spectral line, the 
experimental curves for the frequency are some- 
what more complicated functions of pressure than 
the theoretical curves, when effect I - the irregu- 
larities of the radiation of molecules along the 
resonator (see [5]) - is ignored) 

At smail detuning, there are clearly four 
different values of the pressure at which the maser 
frequency is the same (see Figures 5 and 6). The 
curve for the maser frequency as a function of 
pressure when a beam source with a single channel 
is used has a similar nature. However, the second 
frequency minimum and the maximum oscillation 
amplitude are shifted to the region of higher pres- 
sures (see Figure 6, a). This is apparently the 
result of the fact that, for small (v, - vjz)/vj, 
when the term £. Yn Gis small, the dependence 
of the frequency ‘of the maser oscillations is deter- 
mined by effect II (see [5]). 

The maximum change of the frequency due to 
effect II amounts to 50 cycles when the pressure 
changes over the entire range from the start to the 
interruption of the oscillations of a maser with one 
beam. It should also be noted that the strength of 
effect Il depends on the depth to which the trimming 
rod of the cavity resonator is inserted. This effect 
is stronger, the deeper the rod penetrates into the 
resonator, as can be seen by comparing Figures 5 
and 6. The rod penetrates more deeply into the 
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Figure 6 
a) Frequency and relative power of the maser as a function of pressure 
when a beam with a-single channel is used; 
b) Frequency of maser No. las a function of the pressure in the beam 
source. The region of small detunings is studied in greater detail. 


cavity resonator of maser No, 1 than into the cavity resonator of maser No. 3. 

An examination of the experimental curves illustrating the dependence of the oscillation 
frequency on the parameters of the maser makes it possible to estimate the maximum possi- 
ble long term relative stability of oscillations on the J = 3, K=3 line. From Figures 5 and 
6, it follows that a change of the pressure from 1.5°1072 to 5:10-2 mm Hg results in the 
frequency change of ~ 15 cycles. A change in the voltage across the quadrupole capacitor, 
(see Figures 7, 8 and 9) by 1 kv results in a frequency change of ~ 5 cycles. When the tem- 
perature of the invar cavity resonator changes by 1°C, the frequency of the maser changes 
by ~100 cycles. Thus, if the pressure in the source of the molecular beam is stabilized 
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Figure 7. The frequency (a) and relative power (b) of maser No. 3 asa 
function of voltage across the quadrupole capacitor for different values of 
detuning, when the pressure in the oe of the molecular beam is 


jo te 5:10-2 mm Hg. 


Figure 8. The frequency (a) and oe power (b) of maser No. 3 for 


16 18 20 22 24 26 26 30mkv 
a 

4 sea 

2 


16 18 20 22 24 26 28 380U;,kv 
b 


p=1-107! mm Hg. 


within ~ 1%, the voltage of the quadrupole capacitor 
within ~ 0.2%, and the temperature of the invar reso- 
nator is maintained within ~ 0.002°C by a thermostat, 
long term stability of the maser frequency A f/f~107 alt 
can be achieved. To eliminate mutual pulling of the 
frequency of the two masers used and to prevent the 
waveguide system from affecting their frequency, it is 
necessary to use fairly good decoupling. 


4. TUNING THE OSCILLATION FREQUENCY 
OF A MASER BY CHANGING THE PRESSURE 


It can be seen from Figures 5, 6, 7, 8 and 9 that the 
pressure changes the oscillation frequency of the maser 
more strongly than the voltage does. Therefore, a series 
of papers [1, 7, 8] proposed using the change of the oscil- 
lation frequency of a maser with pressure in tuning the 
resonator frequency. With this type of tuning, different 
values of the pressure will correspond to different fre- 
quencies of the maser, since the condition (0f/dp),,, = Ois 
not single-valued at small detuning. and the reproducibility 
of the frequency of a maser can reach typically 10-8. The 


Fig. 9. The frequency (a) and relative power (b) of 
maser No. 3 for p=1mm Hg. 
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Figure 10. The shift of the intersection point of the curves showing the 

dependence of the frequency on the detuning at various pressures in the 

source of the molecular beam when the voltage across the quadrupole 
capacitor is changed. 


tuning frequency also depends strongly on the voltage, as is shown by Figure 10. Let us note 
that in our design of the maser the working range of the pressures in the source of the molec- 
ular beam (see Figures 5 and 6) could be changed from 1-10-2 to 1 mm Hg. Although the 
oscillation frequency of a maser depends to a smaller extent on changes in the voltage than 

on changes in the pressure, this effect can also be used to tune the oscillation frequency to 
the frequency of the spectral line. It follows, from the experimental data (Figures 5, 6, 7, 

8, and 9) and the theoretical data, that voltages greater than 20 - 25 kv should be used. 
Generally speaking, the tuning point of the frequency is not the same when the voltage is 
changed as when the pressure is changed. This difference can be explained in the following 
way: from eq. (6) of [5] 


Ve ay. 
vay [tt ge reeeM+4| 
it is seen that the voltage and the pressure affect the frequency of the spectral line in different 
ways. While the pressure mostly changes G(7y and scarcely changes A (because of the satu- 
ration effect), the voltage changes both the first and the second terms fairly strongly. Itis 
difficult to obtain an absolute accuracy for the tuning of a maser better than 10-8 by modulating 
the voltage. 

Besides the above methods, it is possible to tune the frequency of a maser to the spectral 
line by adjusting the minimum (or maximum) of the curve showing the oscillation frequency as 
a function of the pressure. The experiments show that a single-beam maser using the J = 3, 
K = 8 line can be tuned by'this method of adjusting the minima of the frequency, as a function 
of pressure (Figures 5 and 6), with a greater accuracy than when modulation of the pressure 
or voltage is used. In Figures 6, b, maser No. 1 is tuned in this way for the dial position 
19.5, while the minimum on the curve showing the frequency of the maser as a function of 
pressure with the dial position 19.25 and 19.75 differs by up to 10 cycles. The tuning is 
made with a fixed voltage across the quadrupole capacitor. In tuning by this method, the 
reproducibility of the frequency of two masers is ~ 5- 10-10, 

An analysis of the theoretical and experimental curves makes it possible to conclude that 
the use of two opposite beams on the J = 3, K = 3 line can raise the tuning accuracy of the 
maser owing to compensation for effect III. However, the frequency of the spectral line 
depends on the saturation of the unresolved components of the superfine structure which forms 
the spectral line (see [5] Aas a function of y, Figure 3). In this case as well, the existence of 
the superfine structure makes it difficult to tune the oscillation frequency with an accuracy 
greater than 5: 10-10, Therefore, to raise the absolute stability of the maser, an ammonia 
line without superfine structure should be used, for instance the line J = 3, K= 2 line of 


N14H3 or a line of N19H3. 911 
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BRIEF COMMUNICATIONS 
THE PROBLEM OF STUDIES OF RETARDING SYSTEMS 


N. V. Karlov 


It is well-known that for effective use of retarding systems it is necessary to use systems 
in which the energy density of the traveling wave is greatly increased relative to the case of 
ordinary waveguide propagation. This increase of the energy density is conventionally charac- 
terized by the reduction of the group velocity of the traveling wave in the retarding system. 
The known methods [1,2] of measuring the group velocity are complicated, and moreover the 
group velocity alone cannot completely characterize a retarding system. The reason for this 
is that we are interested in the energy density of the traveling wave, and this quantity depends 
on the phase velocity, as well as on the group velocity [3]. 

A direct method of determining the increase of the density of the high-frequency energy in 
a retarding system is the use of the free radical « = «-diphenyl-f-f-picryl-hydrazyl (DPPH). It 
is obvious that the ratio of the value of the line of electronic paramagnetic resonance for a 
sample of DPPH placed in a retarding system to the value of this line for an identical DPPH 
specimen placed in the supply feeder is determined by the ratio of the corresponding densities 
of the high-frequency magnetic energy. 

In the case where the high-frequency magnetic field has the same distribution in the feed- 
er and the retarding system, the ratio of the values of the line of the electron paramagnetic 
resonance determines uniquely the ratio of the group velocities. In this case, if a square-law 
detector is used, the lines of electronic paramagnetic resonance are inversely proportional to 
the corresponding group velocity. We should note that the distribution of the magnetic fields in 
the system can be easily determined experimentally by moving a DPPH specimen about and 
measuring the signal from the electron paramagnetic resonance line. A knowledge of the dis- 
tribution of the magnetic fields may be of assistance in determining the distribution of the 
electric fields. 

Besides making it possible to determine the degree of concentration of electromagnetic 
energy in a retarding system and its distribution in the system, DPPH can be used to deter- 
mine the configuration of magnetic fields. When DPPH is magnetized, the unpaired electron in 
it precesses in a plane perpendicular to the magnetizing field. Therefore the intensity of the 
lines of electron paramagnetic resonance determines the value of the high-frequency magnetic 
field in this plane with circular polarization in the corresponding direction. This property 
makes it possible to make a complete analysis of the polarization of the high-frequency mag- 
netic fields of a retarding system by changing the orientation and polarity of the magnetizing 
field. 

It should be noted that direct determination of the configuration and distribution of high- 
frequency electric fields in a retarding system can be conducted in an analogous manner by 
using cyclotron resonance in semiconductor crystals. 

The above method was used to study the rod delay systems described in [4]. A very large 
delay of the group velocity in these systems was confirmed. The magnetic fields are concen- 
trated chiefly at the base of the rods, in the plane perpendicular to the rods. The polarization 
of these fields is nearly circular. 

The author is grateful to A. M. Prokhorov for a number of valuable comments. 
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LETTER TO THE EDITOR 


CONCERNING THE ARTICLE ‘ON A MAGNETRON OSCILLATOR THEORY” 


When my article ‘‘The Theory of the Magnetron Generator’’, published in Radio Engineer- 
ing and Electronics, No. 10, 1960, was in print, I discovered an unfortunate mistake: in Eq. (9), 
the denominator of the expression under the sign of the Bessel function shouldcontain t rather 
than t. In this connection, some of the subsequent equations Eqs. (10), (11), (12), (12c), (23), 
(25), (26), (28), (31) and (32) require an additional factor t in the corresponding places. The 
presence of this factor makes it possible to simplify considerably Eq. (12) for the electronic 
conductivity within the first zone of oscillation of the magnetron (for the case m > 2). By ex- 
panding the trigonometric functions in Eqs. (12b) and (12c) into series, it is possible to obtain 


J, (X -j(84+7 
yos26,14), de Sie 
where 
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M§,PU z Zz oat Dp 7222 M06 ,P (m2 — 4) 
= ea a —+1 w U 
x 20 oe reels ; y(t Z = 160, 


(the notation is the same as in the article. These results and the material of the article may 
be useful in analyzing the behavior of magnetrons operating close to critical conditions. 


V. A. Malyshev 
Submitted on January 16, 1960 


CHRONICLE 


INTERINSTITUTIONAL SEMINAR ON CATHODE ELECTRONICS 


EIGHTEENTH SESSION 


At the 18th session of the Institutional Seminar on Cathode Electronics, which was held on 
February 6, 1961, in the Institute of Radio Engineering and Electronics of the Academy of 
Sciences of the USSR, ten papers were presented. 

In their paper entitled ‘‘The Conditions for Applicability of the Richardson-Dushman 
Equation in the Analysis of the Characteristics of a Thermal Electronic Converter’’, V. A. 
Grodko, B. N. Markar’yan, V. S, Zolotarevskiy, and I. M. Rubanovich gave an analysis of the 
equation for the characteristics of a thermal electron diode converter and showed that the 
emission coefficients 4 = A, (1—R) (where Ap = 120.4 amp/cm~2 deg™2, and R is the coeffi- 
cient of reflection) are subject to certain restrictions resulting from the basic laws of thermo- 
dynamics. They propose a method for computing the characteristics of a thermal electron 
converter. This method is based on the use of existing experimental data on the thermal- 
emission properties of materials, and satisfies the requirements of the laws of thermody- 
namics. 

The authors were asked a number of questions concerning their interpretation of the 
quantities appearing in the equation for the characteristic of a thermal electron converter. 

L, N. Dobretsov and I, A. Rezgol’, who participated in the discussion, pointed out a number 
of inaccuracies chiefly connected with the authors’ interpretation of the quantity A. 
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G, V. Stepanov, V. I. Pokalyakin, and M. L. Yelinson presented a paper entitled ‘‘The Char- 
acteristics of the Emission of Hot Electrons from Intrinsic p — n junctions in SiC Crystals’’. 

The authors observed emission with a high current density from individual luminescent 
points of small size in pulse operation with different values of the temperature and back bias 
of the junction. They established that, before the beginning of the process of avalanche multi- 


‘plication of the carrier, there is a sharp increase in the emission current and a tendency 


toward its saturation. A spray coating of BaO on the surface of the junction greatly increases 
the emission current. 

The authors answered numerous questions concerning the experimental procedure in their 
work and the mechanism of the phenomena. 

I, M, Bronshteyn and B, S, Frayman presented two papers entitled ‘‘Inelastic Scattering 
of Electrons and Secondary Electronic Emission of Thin Layers of Certain Metals and Semi- 
conductors”’ and ‘‘The Effect of the Work Function on Secondary Electronic Emission’’. 

In the first work, they established experimentally the possible forms of the 5—y diagrams 
(where § and y are the slow and rapid components, respectively, of secondary electronic 
emissions) when one material is placed on another serving as a base. The S5—n diagrams make 
it possible to determine the cross section 8, of the primary electrons penetrating the material 
and S of the inelastically scattered electrons, and to evaluate the mean free paths of the slow, 
truly secondary electrons. Results are given for spray coatings of Pb on Si and Al, Ti on Ag, 
Be and Al; Al on Pb and Ti; and Si on Pb. 

In the second work, the authors used the 5—y diagrams to show that, when the work func- 
tion of an emitter is changed as a result of absorption of extraneous substances on its surface 
(Ca on Be and Ag; Ba on Be and Ti; Be, Ti, Ag on Ba; Be on Ca), the observed change of the 
coefficient of secondary emission is caused chiefly by the change of 5. Values of & , 6, , and 
S are obtained for Ba and Ca, and the role of the ‘‘back’’ flow in the generation of slow, truly 
secondary electrons is evaluated. The authors were asked many questions concerning the 
physical explanation of these processes and the interpretation of the experimental function. 

In discussing the paper, L. N. Dobretsov pointed out that the value of S used in the work 
was too low, since the term connected with the change of the spectrum of the electrons moving 
in the reverse direction as the thickness of the spray coating changed was not taken into ac- 
count. He recommended that the role of this term be analyzed. 

Yu. G. Anikeyev and B. N. Popov presented a paper entitled ‘‘The Secondary Emission of 
Barium Oxide’’. 

The authors measured the secondary emission from BaO with pulsed cathodes with widely 
varying parameters. These widely varying parameters were the pressure of oxygen (from 
10-8 to 10-5 mm Hg) and the amount of excess barium in the cathode. The absolute value of 
the secondary-emission coefficient found in the work is in satisfactory agreement with the 
values obtained by other authors. At temperatures less than 550° C, the coefficient does not 
depend on T for all active states of the cathode. At high T, the coefficient does not vary with 
T for cathodes with a very low activity; it increases exponentially for cathodes of medium 
activity, and decreases negligibly for cathodes of high activity. In the discussion of the paper, 
A, R. Shul’man noted a number of new interesting and useful results described by the authors, 
and emphasized that the contradictions in the existing data on the secondary-electron coeffi- 
cient for BaO can apparently be explained by the processes occurring in the surface layer of 
BaO when an electric field is applied. He also noted the necessity of studying these processes 
for a complete understanding of the mechanism of secondary emission from BaO. 

V. G. Dmitriyev expressed doubts with regard to the dependence of the coefficient of 
secondary emission for BaO on T found by the authors in the range of 500 - 600° C, and de- 
clared that he observed a weak increase of the coefficient. for._BaO with T in this range of 
temperatures. The results of the authors can be explained by the presence of oxides.of Mo in. 
the BaO layer, stemming from the Mo electrodes used in the experimental apparatus. 

F. V. Izmaylov presented a paper entitled ‘‘The Theory of Secondary Electron Emission’’. 
The author conducted an analysis of the effect of the reflection of primary electrons in the 
layer of the substance on the emission of secondary electrons. By developing principles used 
by D. Jonker, the author was able to obtain a more general analytic impression for the second- 
ary emission current. 

After answering a number of questions relating to the nature of his laws of the interaction 
of primary and secondary electrons with the substance, the author indicated that his work was 
preliminary and that his results could not be regarded as final. 
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In the discussion of this paper, A. Ya. Vyatskin noted that the work described was ex- 
tremely interesting and useful, and expressed a wish that the author would use more accurate 
laws of absorption and retardation in developing it and that he would take into account the 
angular scattering of electrons in the substance. 

E. S. Parilis and P, M. Kishinevskiy presented papers entitled ‘‘The Energy Spectrum of 
Ion-Electron Emission’’ and the ‘‘Mechanism of Ion-Electron Emission and its Dependence on 
the Ion Velocity’’. 

In the first paper, the authors proposed a mechanism for the exit of excited electrons 
from a metal. This mechanism makes it possible to explain theoretically the form of the 
energy spectrum and to compute the position of the maximum, its half-width and the maximum 
energy of electrons. The emission of an electron in a vacuum is regarded as the result of 
auger-recombination of a conduction electron with a hole in the space-charge region formed in 
the collision of an ion with an atom of the metal. The probability of this Auger-recombination 
is computed approximately on the basis of Bloch wave functions. A comparison of the resulting 
theoretical curves with the experimental data is given. 

The second paper was a development of the mechanism of kinetic ion-electron emission 
previously proposed by the authors. This mechanism is based on a statistical examination of 
the inelastic collision of an ion with a metal atom, accompanied by the formation of a hole in 
the space-charge zone with subsequent Auger-recombination with a conduction electron, this 
process leading to the emission of an electron into a vacuum. 

The motion of the atoms is considered classically, on the basis of the Thomas-Fermi 
model, An equation is obtained for the ion-electron emission coefficient y, giving the de- 
pendence of y on the ion velocity (u). The theoretical curves y= f (u) are compared with the 
experimental data for the case of different ions in W and Mo. There is good agreement. These 
papers gave rise to a lively discussion, in which N. N. Petrov, L. N. Dobretsov, S. V. Izmaylov 
and others participated. 

B. Ch. Dyubua and B. N. Popov presented a paper on ‘‘The Stability of the Antiemission 
Properties of Metals under the Action of Oxygen’’. The authors made computations of the heat 
of absorption of Ba on the surfaces of different metals. These metals, arranged in a series 
according to the decrease of the heat of absorption, are Rh, Sr, Pt, Re, Mo, W, Ti, Hf, Zr. 
Experimental data confirming the computations are given. It was established that Zr had the 
best antiemission properties of all the metals studied. It was shown that Ti, Zr, and Hf, pure 
or coated with absorbed Ba, all had higher stability of emission under the action of oxygen 
than W. The composition of the gases was controlled in the experiment by means of a simple 
omegatron. 

In their paper entitled ‘‘Certain Physical Properties of Complex Compounds of Barium 
and Hafnium Oxide’’, Ye. S. Zhmud’, Ye. P. Ostatschenko, A. I. Figner, and I. V. Yudinskaya 
described their studies of the physical, chemical and electronic properties of systems pre- 
pared from barium oxide and hafnium oxide taken in different ratios. The systems are syn- 
thesized by the method of sintering mixtures of the initial powders. The phase composition of 
samples with different molar ratios of the components was studied by the method of x-ray 
phase analysis. As a result of the study, the presence of the chemical compound BaHfO was 
discovered. 


R. T. Vikhlyayev, V. A. Gor’kov, A. G. Zhdan 
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